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QUESTIONS AND ANSWERS 
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TELECOMMUNICATION PRINCIPLES B, 1967 ( continued ) 


Q. 7. Describe briefly an experiment to determine the voltage gain of 
a single-stage amplifier using a triode valve with a resistive load. 

Sketch and explain an equivalent circuit for this amplier , neglecting 
stray capacitances. Use this circuit to find an expression for the gain 
of the stage in terms of the amplification factor of the valve. 

The anode a.c. resistance of the valve is 10,000 ohms and its amplifica¬ 
tion factor is 12. Calculate the input voltage that will give 3 volts r.m.s. 
output across an anode load resistance of 5,000 ohms. 

A. 7. A circuit suitable for the gain determination of a single-valve 
triode amplifier is shown in sketch (a). 


If n is the voltage amplification of the stage, a small increment of 
voltage dv s on the grid will be equivalent to an incremental change of 
6va on the anode, where pdv g — dv A 
The total resistance in the anode circuit is r a + Rl> where r a is the 
internal valve resistance (called the anode a.c. resistance) and Rl is 
the effective load resistance. 

The increment of current through the anode circuit due to v g is 

therefore J l ^ Vg -- — $; 

i'a -f Rl 



But, 


6i a R L = 8v a . 
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In the equivalent circuit, the generator is indicated by pv g with r a as 
the anode a.c. resistance and Rl the effective load resistance. 

If, r a — 10,000 ohms, p = 12, Rl = 5,000 ohms and 5v a = 3 V r.m.s. 


Then, 


_ 12 x 5,000 

10,000 + 5,000 Vg ' 


The resistor Rl in parallel with R in the anode feed is the loadi 
the alternating voltage across it, V ou t, is indicated by the a.c. voltmeter. 
The series anode resistor, R, is effectively connected to earth for a.c. 
because of the low a.c. impedance of the battery E2. The input voltage 
Vi,i from the oscillator, O, is connected via a series capacitor, Cl, to 
prevent the grid bias from being short circuited by the oscillator 
output. The grid bias battery, E3, must provide the correct negative 
bias for the valve used. 

The heater battery, El, is first switched on at SI, then the anode 
battery, E2, at S2. The input voltage V„ is adjusted to a peak value 
well within the bias voltage and the output voltage V ou t corresponding 
to Vin is noted. This grid voltage must not be allowed to swing 
positive if linear amplification is to be obtained. 

Then, the gain of the stage for the load, Rl is 

y in 

The experiment can be repeated for different values of F/„ and if 
desired for a range of oscillator frequencies. For class A amplification, 
the stage gain should be constant for a wide range of frequencies. 
The equivalent circuit is shown in sketch ( b ). 

r a 



ib) 


•• v g 


3 x 15,000 9 
12 x 5,000 12 


= 0-75 volts. 


Q. 8. Describe briefly the principle of operation of a simple valve 
voltmeter. By reference to the mutual characteristics of a triode valve 
show how a triode may be used as a valve voltmeter. 


Q. 9. Give the circuit diagram and derive expressions for the balanced 
condition for either 

(a) the Schering bridge for measuring capacitance , or 

(b) the Hay bridge for measuring inductance . 

Describe briefly an experiment in which you use one of these bridges 
to measure a component at an audio frequency. Mention a source from 
which the bridge could be energized and the type of detector that could 
be used. 


A. 9. (a) The circuit diagram of the Schering Bridge for measuring 
capacitance and its equivalent series loss resistance is shown in 
sketch (a). 

The unknown capacitance is C x with its equivalent loss resistance R x 
in series. R x will normally be large. 

The bridge is balanced by the alternate adjustment of capacitor, C, 
and resistor, R, until no sound is heard in the headphones, H. In a 
sensitive bridge installation an amplifier and meter may be used 
instead of headphones; screened output connexions are necessary to 
reduce interference from longitudinally induced voltages. The source 
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TELECOMMUNICATION PRINCIPLES B, 1967 ( continued) 



of a.c. for the bridge is an oscillator, O, connected by screened leads to 
the bridge. A step-up transformer connexion may be used if the 
oscillator has a low output impedance, and it is then advantageous for 
the transformer to have an electrostatic screen between windings. 

For the Schering Bridge, 



and R x = P. 

C <7 

This may be shown as follows: 

The balance condition for the basic bridge circuit of sketch (< b ) is 



z A z D — Z C Z B .( 1 ) 


where, Z A = j 


R 


R +i<uC 
Z d = R x + 7 ' 


1 -I" j (oCR ’ 


j(»C x 


o)C x R x — j 
Q)C X 


z « = -;^y andZc = p - 

By substituting in (1) for the balance condition we get, 

/ R \ / u>C x R x — j \ __ j p 
\1 ■+* jeoCRy \ (vC x ) (uCq 

p 

By equating imaginary parts, RC q = PC Xi or, C x = j C q . 


By equating real parts, R x C q = PC or R x = -=■ P. 

(b) The circuit diagram of the Hay Bridge for measuring inductance 
and its equivalent parallel loss-resistance is shown in sketch (c). 



This bridge uses a variable capacitor C, with an adjustable series 
resistor R to balance the inductance and its resistance. It is convenient 
in analysing the circuit of the Hay Bridge to consider the inductor 
equivalent resistance R x as being in parallel with an inductance L x \ 
this is the circuit shown in sketch (c). 

The detector and the source of a.c. can be similar to those used 
for the Schering Bridge. 

To balance the bridge, C and R are adjusted in turn to reduce the 
noise in the headphones until a minimum is obtained. 

The balance conditions then are, 

^ = jQ, and, L x = PQC. 


These conditions can be proved as follows, using sketch ( b) for the 
basic circuit. 


7 _ — J . p _ —j + 
Za v)C + R (oC 
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Zn 
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Q, Z C = P . 


Using the balance condition from (1), 

(~) + (*)RC\ f j o)R x L x \ 

V (oC )\R x + i(oL x J L 

Equating real terms gives: L x — PQC. 


Equating imaginary terms gives: R x 


PQ 
R ’ 


Q. 10. What factors determine the starting torque of a cl.c. motor? 
Explain why a cl.c. series-connected motor has a high starting torque. 
The armature of a d.c. series motor has 400 uniformly-spaced con¬ 
ductors (i.e. 200 turns). The diameter of the armature is 25 cm and the 
conductors are each 25 cm long. If the starting current taken by the 
motor is 10 amp, giving a magnetic field in the air-gap of density 
0*5 Wblm 2 , calculate the starting torque given by the motor. Assume 
that the pole faces of the field coils embrace the whole surface of the 
armature. 

A. 10. The starting torque (T) of a d.c. motor is given by 
T oc 0 x N x /, 

where, 0 is the field flux in the air-gap; 

N is the number of armature conductors, 

I is the armature current. 

When a high starting-torque is a requirement as in electric traction, a 
series-connected d.c. motor is used. The field coils are always in series 
with the armature windings in a series motor, so that the same current 
flows in both. 

In a series d.c. motor the d.c. resistance of both field and armature 
are low, R say. When the motor is running normally, a back e.m.f. E 
will be set up in the armature. If the motor current is / and supply 
voltage K, the basic motor equation is 

V = RI + E. 

The back e.m.f. E is proportional to the armature speed. 

At starting, speed is zero. Therefore the back e.m.f. is zero at starting. 

V 

Hence the starting current 7 0 = 

Since R is small, /o can be large, many times full load current. This 
large current creates a large flux 0 in the field system and therefore the 
product 0I O is very large at starting compared with full speed running. 

The series motor has a large starting torque. 

In the problem, the tangential force per conductor (Newtons) 

= flux intensity x current X length of conductor, 
(webers/m 2 ) (amp) (metres) 

= 0*5 x 10 x 0-25 = 1*25 newtons, 

Total force for 400 conductors = 1*25 X 400 

= 500 newtons, 

Torque = tangential force x radius of armature, 

= 500 x 0-25/2 newton/m, 

= 62-5 newton/m. 
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TELEGRAPHY B, 1967 

Students were expected to attempt any six questions. 


Q. 1. Draw typical timing charts for a mark element followed by a 
space element to show the waveforms of: 

(a) the teleprinter sending voltage , 

(b) the sending current at the line input , 

(c) the current in the receiving teleprinter . 

The charts should relate to ± 80 -volt transmission at 50 bauds, using 
a low-pass filter at the transmitter and a signal-shaping network at the 
receiver. 

Explain why the waveforms are different in the three cases. 


Calculate the modulation rate in bauds in the synchronous channel: 
assume that the synchronous channel is operating at exactly the speed oj 
the combined input signals. 

A. 2. The character-period of a 7-5-unit signal at 50 bauds is 
7-5/50 = 0-150 second. 

With start and stop elements suppressed and two five-unit signals 
interleaved during this period the modulation rate is 
2 x 5/0-150 = 66-6 bauds. 


A. 1. The required waveforms are shown in sketches (a) to (c). 



(a) The teleprinter sending voltage (measured as an opcn-circuit 
voltage) rises, falls and reverses instantaneously apart from the short 
transit-time occupied by the transmitter tongue in moving between the 
mark and space contacts. 


+ 80V 



60 


(6) In either direction the sending-end current initially rises rapidly 
to charge the line capacitance and, more particularly, the capacitor of 
the low-pass filter. The oscillatory circuit formed by the inductive and 
capacitive components of the filter results in the oscillatory current 
shown. The amplitude of oscillation is limited by the 200-ohm 
compromise matching resistor inserted between the transmitter and 
the filter. 

(c) The received-current rise, delayed by the effects of line capaci¬ 
tance and terminal inductance, is improved by the RC network: the 
resistor reduces the time-constant ( L/R ), and the capacitor provides a 
low-impedance path to the transient current-changes. 

The circuit conditions are indicated in sketch (d). 

Q. 2. Start-stop signals of 7-5 units at 50 bauds are fed from two 
automatic transmitters into a synchronous multiplex system. In the 
synchronous channel the start and stop elements are suppressed and the 
two five-unit input signals are interleaved by time division. 


Q. 3. Give reasons why a.c. ( voice-frequency) transmission is used for 
long-distance telegraph circuits , in preference to direct-current trans¬ 
mission. 

Why is direct-current transmission used for operating a teleprinter 
over the local end of a long-distance circuit ? 

A. 3. The main reason why a.c. (voice-frequency) transmission is 
used for long-distance telegraph circuits in preference to d.c. trans¬ 
mission is on account of the economic advantages, coupled with the 
circuit stability which can arise from this method of operation. 

Using valves or transistors, low-power a.c. signals can be generated 
by oscillators and accurately detected by a sensitive receiver. By the 
use of oscillators generating different frequencies in association with 
groups of band-pass filters at the sending and receiving stations, 
frequency-multiplex operation can be used to provide up to 24 tele¬ 
printer channels in each direction over a 3-4 kHz bandwidth four- 
wire telephone-type circuit between two remote stations. Except for 
very short distances, the cost of the v.f. terminal equipment is more 
than offset by the extensive saving in cost of line plant which would 
otherwise be required on a basis of one cable-pair for each teleprinter 
circuit. Generally, the use of v.f. multiplex operation yields economic 
advantages if several teleprinter circuits are required to connect two 
stations separated by about 20 miles or more. 

Zero-loss telephone-type circuits give adequate power to operate 
the receiver and the telegraph distortion resulting from transmission 
can be kept to a low value which is virtually independent of the circuit 
length. Apart from the specialized measurements and adjustments 
required by the v.f. telegraph equipment—which are, however, of a 
straightforward nature—the long-distance telegraph circuits share the 
advantages of provision and maintenance of the normal telephone 
circuit, the only difference being in the removal of terminal telephone 
signalling equipment when the circuit is taken for telegraph use. To 
reduce service interruption from line faults, a telephone circuit can be 
nominated as a reserve circuit for a telegraph system and brought 
quickly into service when a working line circuit develops a fault. 

If d.c. operation were used throughout for long-distance telegraph 
circuits, some form of intermediate telegraph repeaters would be 
required which, apart from their cost of provision, would result in 
costly and specialized maintenance. In addition, such circuits would 
be less stable, compared with the frequency-multiplex systems on 
telephone plant, particularly if any form of d.c. multiplexing were 
included. 

Direct-current transmission is a simple and cheap method for 
operating a teleprinter circuit over the local extension of a long¬ 
distance circuit. The conventional teleprinter requires direct current 
to operate the receiver electromagnet; the d.c. supply for this is 
conveniently located at the v.f. equipment station and fed over the 
local line. Although d.c. is not essential to the use of the teleprinter 
transmitter it is again a cheap and simple method. The use of low- 
power v.f. currents at the transmitter would require more maintenance 
at the contacts and the choice of the local-line frequency in relation to 
the frequencies selected for the long-distance frequency-multiplex 
system would raise problems of compatibility, or the need for frequency¬ 
changing equipment. 

Q. 4. Draw a block-schematic diagram for a 24-circuit voice- 
frequency multiplex system. Explain the purpose of the filters used in the 
sending and receiving equipments. 

A. 4. A block diagram for a 24-circuit v.f. multiplex system is 
shown in the sketch. This refers to a modern 24-circuit system in 
which each channel has its own v.f. oscillator where channel equip¬ 
ments are identical apart from the different frequencies generated by 
each oscillator and in the pass-band of the filters used. In other 
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TELEGRAPHY B, 1967 ( continued) 


systems one, or two, basic six-circuit groups may be used to develop 
further six-circuit groups in the appropriate frequency-range by a 
process of group modulation. Such systems may be more costly on 
account of the additional equipment required for the group modulation/ 
demodulation processes. 

Due to the shape of the telegraph signals which were originally 
square-waves, modulation of the carrier by telegraph signals results in 
the formation of a range of harmonic frequencies, some of which 
would fall into the frequency range allotted to other channels and so 
cause interference. The sending filters are required to restrict the 
sidebands of the modulated carrier to that range in the frequency 
spectrum which has been allocated to the channel; these filters also 
prevent the transmission of any unwanted harmonic frequencies 
which may be present in the carrier supply. The presence of a filter in 
each send channel prevents the parallel-connected channels from 
presenting a load on the individual channel outputs and also effectively 
isolates the channel modulators from each other so that the keying of 
one has no effect on the other channels. 

The receiving filters are required to select the signal energy, within 
the allotted frequency range, from the aggregate received signal and 
to direct it into the appropriate channel receiver. The receiving filter 
effects this by providing a low-attenuation transmission path for the 
particular frequency-band of each channel and rejecting all other 
components of the aggregate signal due to the high attenuation of the 
filter at all frequencies other than those in its transmission band. 

Q. 5. Describe three or four basic features of the teleprinter which 
make it suitable for an international telex service. 

Give a list of those characteristics of a teleprinter which must be 
standardized to ensure satisfactory operation between subscribers 
situated in different countries. 

A. 5. The basic features of the teleprinter which make it suitable 
for an international telex service are as follows: 

(/) Operation on the start-stop principle ensures that remotely- 
connected teleprinters are always in step at the beginning of each 
character without the need for complex means of achieving the 
necessary synchronization. 

(//) The teleprinter is equipped with a keyboard transmitter capable 
of being operated by any competent typist. 

(///) The received signals are recorded in the form of printed 
characters on paper, normally in the form of a page. 

(/v) The answer-back device provides a simple and accurate method 
of confirming the identity of the distant correspondent by a printed 
record on the teleprinter at the originating station. 

To ensure satisfactory teleprinter operation between any two 
subscribers* stations interconnected via the telex network the following 
characteristics of the teleprinter need to be standardized: 

(/) The teleprinter alphabet employed, 

(//) the number of elements in the teleprinter code, 

(Hi) the duration of the start and stop signals, 

(/v) the modulation rate, 

(v) the number of printed characters to a full line of type, 

(W) the maximum permitted transmitter signal distortion, 

(v/7) the minimum permitted receiver margin to signals. 

Q. 6. Describe with the aid of a trunking diagram how a circuit would 
be set up over a teleprinter automatic switching system for sending a 
telegram between two large towns. 

Describe in detail what indication would be given to the telegraphist 
at the calling office if the lines into the distant office were found to be 
engaged. 

A. 6. The trunking diagram in the following sketch shows how a 
connexion could be established by automatic switching between 
the telegraph instrument rooms in two large towns for the purpose 
of sending a telegram. In principle this trunking diagram could 
apply to the switching equipment in each of the two towns; test and 
miscellaneous facilities have been omitted from the diagram for 
simplicity. 

The forwarding and receiving positions are each equipped with a 
teleprinter, together with a dialling set comprising push-buttons and 
signal lamps in addition to the dial. The position circuit is connected 
to a station line-circuit which includes a uniselector whose outlets are 
graded over a number of 1st group selectors sufficient to carry the 
traffic originated from the instrument room positions and from the 
other station lines served by this exchange. 

The sending operator first presses the dial button which causes the 
station-line uniselector to seize a free 1st selector. Connexion of the 
1st selector is indicated to the operator by the glowing of a dial lamp 
on the dial unit. The operator then dials the numerical routing-code 
digits followed by the number code of the wanted instrument room, 
these digits having been previously marked upon the telegram form 
by a routing clerk. 

Receipt of the first digit steps the wipers of the 1st group selector to 
the level dialled; during the inter-digit pause the wipers rotate over the 
contacts of this level until a tested-free outlet to a 2nd group selector is 
obtained. Receipt of the second digit steps the wipers of this 2nd group 
selector, whose wipers rotate during the inter-digit pause, to test and 
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seize a free outlet giving access to an outgoing trunk circuit (or the 
outgoing path of a bothway trunk circuit) among a group of v.f. 
circuits in the route to the desired town. 

If the trunking diagram in the sketch be now regarded as applying 
to the distant exchange, the call arrives over an incoming trunk circuit 
(or the incoming path of a bothway trunk circuit) which terminates in 
an incoming 1st selector individual to the incoming circuit. The next 
(third) digit, received over the v.f. trunk circuit, steps the wipers of 
the incoming 1st selector to the level dialled (level O), the wipers cut 
in and test for a free outlet to seize the first free receiving position in 
the objective telegraph instrument room. Seizure of the position is 
followed by automatic operation of the answer-back unit in the 
receiving teleprinter, causing it to transmit its answer-back code to the 
calling teleprinter. A call lamp lights on the dialling set both at the 
forwarding and at the receiving position to indicate the effective 
completion of the connexion. 

On receipt of the correct answer-back code printed upon the tele¬ 
printer tape, the forwarding operator transmits the telegram by 
operating the keyboard. On completion of the message the forwarding 
operator presses the figs and wru keys on the keyboard to obtain 
again the answer-back code of the receiving machine. The distant 
teleprinter position may not be individually staffed and the final 
answer-back code received by the forwarding operator is regarded as 
confirmation that the message has been received at the distant instru¬ 
ment room. The forwarding operator then presses the clear button 
which severs the connexion and restores all the selectors used in the 
connexion to normal. The forwarding position equipment also 
restores to normal but at the receiving position the call lamp continues 
to glow until an operator collects the waiting message and restores the 
position to normal by using the reset key. 

If all the lines into the distant office were found to be engaged, the 
engaged signal, OCC, would be sent back and printed upon the tape of 
the teleprinter at the forwarding position. This OCC signal would be 
sent from the llth-step contacts of the 2nd group-selector at the 
originating exchange if all the trunk circuits to the distant exchange 
were engaged; or from the llth-step contacts of the incoming trunk 
1st selector if all the O-level outlets to the instrument room were 
engaged. The forwarding operator would then have to redial the 
digits after a brief interval. 


Q. 7. Sketch a diagram showing the layout of a telegraph instrument 
room which includes about 20 teleprinter positions. 

Why is circulation of telegrams within the instrument room necessary 
and what arrangements are made to limit this circulation ? 


A. 7. For the first part of the question, including the sketch, see 
the answer to Telegraphy B, 1964, Supplement , Vol. 58, No. 1, p. 12, 
A. 10, Jan. 1965. 

Telegrams arrive in the instrument room from a number of sources 
such as the public office, by telephone from subscribers, call-office 
users and minor telegraph offices, distant instrument rooms connected 
over the teleprinter automatic switching system, telex subscribers, and 
private circuits from busy renters. These telegrams are forwarded to 
recipients, using one or other of these same methods of communication 
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and consequently incoming telegrams must circulate to the appropriate 
forwarding positions. Each class of operation requires special experi¬ 
ence and it is convenient to arrange the instrument room positions in 
a functional grouping. To avoid excessive movement of staff carrying 
telegram forms between the receiving and forwarding positions, 
conveyor belts are provided to serve each group of positions for 
disposal of incoming and finished message forms. 

The amount of message circulation can be greatly reduced if one 
position can conveniently serve more than one class of traffic. In 
“combined working,” positions are equipped with both telephone and 
teleprinter so that the operator who receives a telegram (phonogram) 
over the telephone network can subsequently dispose of the message 
from the same operating position, using the teleprinter and the dialling 
equipment. Similarly, operators having dialled access to other instru¬ 
ment rooms may dial a special routing code giving access to the telex 
network for disposal of printergrams. 

Q. 8. Describe with suitable sketches how access for testing a telex 
subscriber's line can be gained from the test desk. 

What tests or measurements can be carried out from the test desk to 
a subscriber's installation ? 


B, 1967 ( continued) 

The following list includes the main tests which can be carried out 
from the test desk to a station line; not all of these tests are available 
when using the TFS: 

(/) Monitoring teleprinter signals on either the S or R-wire. 

(//) Measuring line currents by means of two milliammeters, one 
each in the S and R-wires. 

(Hi) Measuring signal distortion and modulation rate, using an 
electronic T.D.M.S. 

(iv) Measuring line conductor resistance, insulation resistance, and 
checking for the presence of foreign potentials, using the test desk 
voltmeter. 

(v) Calling, dialling and clearing into the telex exchange, the 
supervisory conditions being indicated on lamps on the test desk. 

(vz) Checking the speed and ratio of the station dial. 

(vz’z) Checking teleprinter receiving margin. 

Q. 9. Sketch a block diagram to show the main items of power plant 
provided for a modern voice-frequency telegraph installation. 

Comment on the features in the arrangements you describe which 
justify the term modern. 


A. 8. Two means of access for testing a telex subscriber’s line are 
available from the test desk. 

(/) All telex station lines are routed via the jackfield of an eng¬ 
ineering control board (ECB) which is cabled between the M.D.F. and 
the station line equipment in the exchange. The S and R-wires are 
led through a pair of interception jacks (see sketch (a)) which enables 
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a station line circuit to be extended by a sixway test cord over test 
trunks into the test desk. Provided that one of the sixway plugs is first 
inserted into the test-desk trunks (where a loop is the normal condition 
at the test-desk termination) an engaged circuit can be intercepted 
without fear of severing any switched connexion which may be in 
progress on the intercepted line. By appropriate use of the test-desk 
keys a series of tests and measurements can be applied; the line circuit 
can be split to apply tests towards either the station equipment or the 
exchange equipment, the side not under test being suitably terminated 
by a hold condition. 

(z‘z) A series of 200-outlet test final selectors (TFS) give access from 
the test desk to any subscriber’s line by dialling the last two digits of 
the subscriber’s number into a selected TFS, one of which is fitted on 
each final selector rack. Access to any particular TFS is by a pair of 
jacks fitted on the test desk (see sketch ( b )) extended by a sixway test 
cord to another pair of jacks giving access to the testing circuits of the 
test desk. One of the TFS access jacks provides connexion to the 
S and R-wires of the final selector multiple via the wipers of the TFS; 
the other access jack is for control purposes—pulsing the A relay in 
the TFS to step the wipers and receiving back supervisory signals to 
indicate if the dialled line is engaged or shut down. 
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A. 9. There are a number of features in this power plant which 
justify the qualification modern. 


STANDBY/CHARGE RECTIFIER 



The v.f. telegraph installation itself would be designed to use 
transistors in place of thermionic valves and consequently this equip¬ 
ment would require a single supply at 24 volts instead of needing separate 
H.T. and L.T. supplies. Power supplies at 80 -f- 80 volts would of 
course also be required. 

The power plant is based upon the use of rectifier units which are 
completely static; compared with motor-generator sets, the rectifier 
sets work at high efficiency and require a minimum of maintenance. 
The rectifier units embody silicon semiconductor diodes which have 
low losses, develop little heat and require a relatively small amount of 
space. In normal service the power plant is completely automatic in 
operation, rectifier units being switched in and out of circuit as the 
load demand changes. The only exception to this is for manually 
connecting a battery to the charging rectifier cubicle following a mains- 
failure condition. The batteries are used on the float system, a principle 
which has been standardized for a number of years, and results in a 
maximum life for the battery. 

Q. 10. Describe with sketches the mechanical operation of any one 
of the following units of a teleprinter: 

(a) the transmitter , 

(b) the combination head with typehead clutch , 

(c) the paper carriage. 

A. 10. (c) The accompanying sketches and description refer to the 
teleprinter paper-carriage and apply specifically to the No. 7 tele¬ 
printer currently in use, which uses a moving paper carriage. 

The carriage consists essentially of a rubber-covered platen cylinder 
which carries the paper and cushions it against the impact of the type- 
hammer striking the type when printing. The carriage can move: 

(/) laterally one step at a time for each character printed, 

(//) reverse-laterally to return from the last printing position to the 
beginning of a printing line, and 

(///) in a rotary direction when required to feed paper for a new line 
of printing. 

In addition, the carriage must be prevented from stepping on the 
receipt of any non-printing signal, e.g. “bell.” 

(/) Letter Feed. The letter-feed mechanism (see sketch (a-)) moves 
the paper-carriage from one side of the machine to the other, one 
letter-space for each printed character, by driving a gear wheel to 
engage with a platen rack. The gear wheel is mounted on the same 
spindle as a spring drum to which is also fixed a ratchet wheel. The 
drum assembly is controlled by a powerful spiral spring within the 
drum; the action of the drum is controlled by a pair of pawls. Rotation 
of the gear wheel winds up the spiral spring and this energy is used to 
return the carriage to its normal position when required. 

The clutch crosshead, which is driven from the traversing link and 
the receiving camsleeve (not shown), provides the power for the 
operation of all the carriage mechanisms. For each complete revolu¬ 
tion of the receiving camsleeve, the crosshead makes one oscillation as 
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CLUTCH CROSSHEAO 



indicated by the arrows. The letter-feed dog is pivoted to the letter-feed 
link and is normally held in engagement with a claw on the under 
surface of the crosshead by a controlling spring. A restoring spring is 
fixed at the other end of the letter-feed link. While the letter-feed dog 
is engaged with the crosshead the tension of the link restoring spring 
acting on the letter-feed link pulling it to the left causes the link to 
follow the oscillating movement of the crosshead. The letter-feed 
lever is pivoted at its upper end, so that the motion of the feed link is 
transmitted to the feed pawl. 

The letter-feed mechanism must not operate when a letter-shift, 
figure-shift, line-feed or carriage-return signal is received. Receipt of 
any of these signals operates the feed-throwout lever which, when 
operated, depresses the letter-feed dog and disengages it from the 
crosshead. 

(//) Carriage Return. See sketch (6). When a carriage-return signal 
is received, the carriage-return control lever, acting on the carriage- 
return dog (normally held out of engagement with the crosshead by 
the controlling spring) raises the dog into engagement with the cross¬ 
head. The carriage-return dog is pivoted to the carriage release link 
so that the dog and the link follow the movement of the crosshead. 
The carriage can also be returned manually by depressing the carriage- 
return key to achieve the same action locally. 

The pawl-throwout lever is pivoted near to its upper end. As the 
crosshead moves to the right the lower end of the throwout lever is 
deflected and the upper end depresses the feed and retention pawls, 
disengaging them from the carriage-spring drum. This permits the 
drum to rotate and return the paper carriage to its normal position. 
The carriage-return trip-bellcrank ensures that the pawl throwout 
lever cannot release until the carriage has completely restored. 

To minimize the shock of impact as the paper carriage is returned, 


B, 1967 ( continued ) 



a shock absorber is fitted at the end of the platen spindle. This consists 
of a small piston which enters a cylinder situated inside the platen: a 
small air-outlet is drilled through the piston to permit the escape of 
air from the cylinder. 

(///) Line Feed. See sketch (c). This is operated by the line-feed 
control-lever which causes the line-feed dog to engage with the cross- 

CLUTCH CROSSHEAD 



head. Through the line-feed link and bellcrank the line-feed pawl 
engages the platen ratchet fixed to the platen spindle to turn the 
platen through the desired angle. 


MATHEMATICS B, 1967 
Students were expected to attempt any six questions 


Q. 1. ( a ) Find the value of y which satisfies the equations 

x 4- 2y + 3z = 10, —3 a: + 5j> — 4z = — 3, 

and 2x — 4y -f 5z — 3. 

( b) Find all the values of p and q which satisfy the equations 
p 2 — q 2 = 7 a 2 f 2/7 + 3q = a. 


A. 1. (a) x + 2y + 3z=10 

-3x + 5y - 4z = -3 
2 a: — 4y + 5z — 3 
Multiply equation (1) by 3, 

3x + 6y + 9z = 30 

Add equations (2) and (4), 

11^-f 5z = 27 

Multiply equation (1) by 2, 

2a: -f 4y -f 6z = 20 

Subtract equation (3) from equation (6), 

8y + z = 17 

Multiply equation (7) by 5, 

40y -f- 5z = 85 


( 1 ), 

( 2 ), 

(3) , 

(4) . 

(5) . 

( 6 ) . 

(7) 

( 8 ) . 


Subtract equation (5) from equation (8), 

29 y = 58, 
or, y = 2. 

Then, from equation (7), 

z = 17-16 = 1. 

From equation (1), substituting for y and z, 

* = 10- 4- 3 = 3 

Thus, x = 3, y = 2 and z = 1. 

Note —The solution should be checked in each of the three 
original equations (1), (2) and (3). 


(« 


p2 _ qi — q a 2 t 

2p H- 3q — a. 


From the second equation, 


2p — a — 3q or p = 

Substitute for p in the first equation, 

(a - 3 q) 2 


_ a ~ 3q 


or, 


-q 2 = la 2 , 

a 2 — 6aq + 9 q 2 — 4 q 2 = 28a 2 . 
5q 2 - 6aq - 27 a 2 = 0, 







































or, 

i.e. 


MATHEMATICS B, 1967 (continued) 


(5q + 9 a)(q - 3 a) = 0. 

5q + 9a = 0 or q — 3a = 0. 
9 # 

Whence, q = —y, or 3a. 


Substituting for q in the second equation, 




P = 

, 27 a 

a+ 5 a -9a 

2 >0r ’ 2 ’ 



= 

16a 

T or ~ 4a - 

Hence, 

P = 

16a 

5 * 

O 

*-« 

II 

1 

and, 

= 

9a 

T 

or q = 3a. 


£>. 2. B7/af w “ discriminant ” in a quadratic equation , a//</ w/iaf 

information does it provide concerning the roots of the equation ? 

If A is the arithmetic mean , and G the geometric mean of two positive 
unequal numbers p and q, show that these numbers are the roots of the 
quadratic 

x 2 - 2 Ax + G 2 = 0. 

Hence show that the arithmetic mean of two such numbers must be 
greater than their geometric mean. 

A. 2. The solution of the general quadratic equation 
ax 2 + bx + c = 0, is given as 

—b 4- Vb 2 — Aac 

x -=-s-• 

The discriminant is the name given to the expression under the 
square root sign, i.e. b 2 — Aac. From an examination of the dis¬ 
criminant, the nature of the roots of the quadratic equation may be 
determined. There are three cases to consider: 

(/) When b 2 > Aac. In this case, irrespective of the signs of a, 6, 
and c, the discriminant is positive. Hence there will be two real solu¬ 
tions of the equation. For example, in the equation x 2 — 2x — 3 = 0, 

b 2 — 4ac = 4 4- 12 = 16, 

2 4-4 

and x — —=— = 3, or —1. 

Whether or not the roots are positive or negative will depend upon 
the actual values of a, b, and c. 

(//) When b 2 = Aac. In this case the discriminant is zero and there 
is only one, real, solution of the equation. Thus, for x 2 — 2x 4- 1 = 0, 

b 2 — 4ac = 4 — 4 = 0, 



touch the A:-axis at all. Thus real roots can be obtained graphically 
whilst complex roots cannot. 

x 2 - 2Ax + G 2 = 0 
A t the arithmetic mean is P —^* 

Gy the geometric mean is such that 

7-fror -0-Vii 

From the formula for the solution of the typical quadratic, 

2 A + V4A 2 - AG 2 
X = ~= 2 -’ 

= A ± Va 2 - G 2 . 

Substituting for A and G, 

y _/>+ 9 . / 0 > + ?) 2 ~ 

x —2 - y 4 pq ’ 

-- P -^ ± Wp 2 + 2 ~pq + q 2 - 4pq, 

- P -^ ± Wp 2 — 2pq + q 2 , 

= ±W(P~<1) 2 , 

- l -+ Wj>- <i ). or >^-y^ — Up — a)- 


and x = 1. 

(///) When b 2 < Aac. The discriminant is now negative and the 
roots of the equation are no longer real but complex. For example, 
if x 2 - lx + 5 = 0, 


b 2 - Aac = 4 - 20 = - 16, 


Then, 


2 + V —16 
X =^~2 -• 


The square root of a negative number is called imaginary. If V — 1 
is denoted as /, then 


2 ± V16 X (- 1) 


2 + 4/ 


, or, 1 ± 2 1 . 


= p or q Q.E.D. 

Since the roots of x 2 — 2 Ax 4- G 2 = 0 are two positive unequal 
numbers, i.e. they are real and unequal roots, the discriminant is such 
that b 2 > Aac. Hence AA 2 > 4G 2 , or, A > G. 

Thus the arithmetic mean, A , is greater than the geometric mean, G. 

Q.E.D. 


Q. 3. (a) State and prove from the definition of a logarithm a rule 

for converting a logarithm to base e to a logarithm to base 10. (e = 2-718 
approx.) 

(b) When a body is moving at a velocity v ft/s the air resistance is 
taken to be kv per unit mass. If the body is projected upwards with 
initial velocity u fils it would reach its maximum height in t seconds t 
given by 



Thus, there are two roots of the equation and both are complex 
(i.e. having a r eal c omponent, 1 in this example and an imaginary 
component, 2V — 1 or 2 i). 

The three cases and the three examples are illustrated graphically 
in the sketch. In each case the graph of y — fix ), where fix) = 0 is 
the example quoted of the quadratic equation, has been plotted and 
it is seen that, for case (/), the graph crosses the x-axis at the points 
x = — 1 and x = 3, which are the real roots of x 2 — 2x — 3 = 0. 
For case (//), the graph touches the x-axis at x = 1, which is the real 
root of x 2 — lx 4~ 1 = 0, whereas for case (///), the graph does not 


Ifk = 0-012,# = 32-2, u = 1000, show that this time is approximately 
26-4 seconds. 

Derive a formula for u in terms of /, g and k. 

A. 3. (a) To convert the logarithm of a number to base e to its 
logarithm to base 10, it is necessary to multiply the Napierian or 
natural logarithm by 0-4343. 

If N is the number, then 

log 10 N = loge N X 0-4343. 
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MATHEMATICS B, 1967 {continued) 


To prove this, let log e N = a. Then, from the definition of a 
logarithm, 

N = e*. 

logioN = logio (e*). 

But logio e = 0-4343 where e =2-718, 

or, e = 100-4343. 

logio logio 100-4343* 

= 0-4343a 

= 0-4343 (loge N). Q.E.D. 


'( 


1 

0-012 


loge ( 1 + 


0-012 X 1000 
32-2 


\ 




0-012 loge (* + 32 - 2 )’ 

i loge 1-3727. 


1 


0-012 

Now, since logio N = loge N x 0-4343, 
logio 1-3727 


No. 

12 


Log. 

1 0792 


32-2 1 - 5079 - 


1-5713 


then loge 1 • 3727 = ■ 


0-4343 


Thus 


/ = 


1 


logio 1-3727 


0-012 0-4343 

0-1377 


0-012 X 0-4343* 
= 26-42 seconds. 


No. 

0-012 


Log. 

2-0792 


0-4343 1-6378 + 


3-7170 
0-1377 7-1389 

1 - 7170 - 


1-4219 


Q.E.D. 

Note. —The above treatment assumes that only logarithms to base 10 
(common logarithms) are available. If a table of natural logarithms 
is available, the above treatment could be simplified. 

From the formula, 

.-. 1 + — = e*', 

s 

*1 - e* - l. 
g 


or, 


« = f(e'*- 1). 


Q. 4. The entries for a certain examination were as follows: 


Year 

1955 

1957 

1959 

1961 

1963 

Candidates in thousands (y) 

83 

1054 

135 

174 

226 


data yield a straight-line graph when Y is plotted against f, the original 
assumption will be verified. 


Year 

1955 

1957 

1959 

1961 

1963 

/ 

0 

2 

4 

6 

8 

y 

83,000 

105,500 

135,000 

174,000 

226,000 

Y = logio y 

4-919 

5-023 

5-130 

5-241 

5-354 


5-4 


5-3 


5-2 

Y B LOG 10 y 


5-1 


50 


4-9. 




4 

t YEARS 


The graph is shown in the sketch. All the plotted points lie sub¬ 
stantially on a straight line. Hence, the given data fit the law y = a 

When / = 0, Y = e, 
or logio y = logio a, i.e. y = a. 

From the graph, when / = 0, logio y — 4-913 and 
a — antilog 4-913, 

= 81,850. 

The gradient of the line gives the value of m = 0-4343 k. Taking 
the coordinates of points A and B (two widely-separated points 
actually on the graph), 


5-295 - 4-968 
7-1 

^7 = 0-0545. 


* = 0^45 0.J255. 


No. 

0-0545 

0-4343 


Log. 

2-7364 

1 - 6378 - 

1-0986 


Thus, 


Assuming an approximate formula y = ae kt at a time t years after 
1955 {e.g. t = 6 in 1961), plot suitable variables to obtain a straight-line 
graph which will verify this assumption. 

From your graph obtain estimates of the constants a and k , and 
estimate the number of candidates in 1960. (e = 2-718 approx.) 

A. 4. If, y — a e*', 

then, logio y = logi 0 a 4- logio (e*')» 

= logioa 4- kt logio e, 

= logio a + 0-4343 kt , 
since, logio 2-718 = 0- 4343. 

As a and k are constant, the above equation may be written as 
Y = c + mt, 

where, Y = logio y and / are variables, and c = logio« and 
m = 0-4343 k are new constants deriving from the original constants. 
This is of the straight-line form y = mx 4- c and hence, if the given 
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0-4343 

a = 81,850, and k = 0-1255. 
and the law is y — 81,850 e 0 1255/ 

In 1960, / = 5, and reading from the graph 
T = 5-186. 
y = antilog 5-186, 

= 153,500. 

Hence, the estimated number of candidates in 1960 is 153,500. 

Q. 5. (a) State the compound angle formulae for cos (A + B) and 
sin (A -f B). Hence derive 

(/) sin 3 A in terms of powers of sin A. 

(//) the value of tan 15° without using trigonometrical tables . 

(b) The angles of elevation of the highest point A of a radio mast 
AB f from points P, Q on the ground, are 12° 8' and 16° 12' respectively. 

If P, Q and B are in the same horizontal line and PQ — 200 ft, cal¬ 
culate the height of the mast. 

A. 5. (a) cos (A + B) = cos A cos B — sin A sin B. 

sin (A 4- B) = sin /I cos ^ + cos A sin B. 

(0 sin 3A = sin (2A + A), 

= sin 2A cos A 4- cos 2A sin A. 

But, sin 2 A — sin {A 4- A ), 

= 2 sin A cos A, 
and cos 2 A = cos 2 A — sin 2 A 

= 1—2 sin 2 A y since sin 2 A 4- cos 2 >4 = 1. 

































































MATHEMATICS B, 1967 (< continued) 
sin 3A —2 sin A cos 2 A -f (1 — 2 sin 2 A) sin A, 

— 2 sin A (1 — sin 2 A) -f (1 — 2 sin 2 A) sin A, 

= 2 sin A — 2 sin 3 A -f sin A — 2 sin 3 A , 

= 3 sin A — 4 sin 3 A 


0* 0755a: = 43, or, x = 


43 


0 0755 


00 From the addition formulae, 

,an 04+*) = !“£+*) 

cos (A + B) 9 


sin A cos B + cos A sin B 
cos A cos B — sin A sin B 9 

sin A cos B cos A sin B 
cos A cos B ~ t ’ cos A cos B 


1 - 


sin A sin B 


cos A cos B 
tan A + tan B 


1 — tan A tan B * 
Now, if —B is substituted for B , 

< A _ m _ lan A + tan (-5) 
t3n {A ~ 1~ ^~ tan A tan (—i?) ’ 


since, 

Hence, 


_ tan A — tan B 
1 + tan A tan B 9 

tan (-B) = — tan 
tan 15° = tan (45° - 30°), 

tan 45° — tan 30° 
” 1 + tan 45° tan 30° 

1 


. 0*2905 X 43 c 

li = — , — ft. 


1+ Vf 



VJ — 1 

No. 

Log. 

VJ+i 

0-732 

2-732 

1-8645 

0-4365- 

0-732 

2*732* 


1-4280 

= 0*2679. 




(6) The mast AB and the ground line BQP are shown in the sketch. 


No. 

Log. 

0-2905 

t-4631 

43 

1-6335 


1-0966 

0-0755 

2-8779 


2-2187 


0*0755 
= 165*5 ft. 

Thus, height of radio mast = 165*5 ft. 


Q. 6. The “present worth 99 of a payment P pounds , to be made n 
years hence , allowing 6 per cent compound interest per annum , is given as 

(T M nP0,mds - 

Find approximately the total present worth of a series of 20 annual 
payments , each of £120, the first payment to be made a year hence . 
Indicate the degree of accuracy to be expected in your answer. 


A. 6. If each annual payment is to be £120, then, 
P = £120 

After the first year, i.e. when n — 1, 

120 


Present worth = £ 


When;/ = 2, 


Present worth = £ 


1*06* 

120 

1*06 2 * 


Thus the total present worth in pounds 

120 120 120 
A20 1*06 + 1*06 2 + 1*06 3 + 


120 

1 • 06 20 * 


_J20 A ,1,1, , 

“ 1 • 06 \ 1 + 1-06 + 1-06 2 ^ 1 *06 19 / ' 

The sum of terms within the brackets is the sum of 20 terms of a 
geometric progression whose first term is unity and whose common 

miois ro6- 


~ 120 
520 = roe x 


Q 1'06 20 ) 


1 - 


1 


120 
: 0 06 


1-06 

(1 • 06 20 — 1) 

1 • 06 20 * 



Let AB = h ft, and BQ = x ft. 
Then, from triangle ABQ, 


= 2,000 (l — jT^62o) ’ 


Note .—Whatever form the above expression assumes, its evaluation 
involves the evaluation of 1 *06 20 . From the wording of the question, 
it seems clear that an approximate method of deriving the answer was 
expected and not one employing logarithms. 

Now, 1-06 20 may be written as (1 + 0-06) 20 and, expanding this 
by the Binomial Series, 

20 19 

1 *0620 = 1 + 20 X 0*06 + ~j~2~ x (°* 06 ) 2 


20.19.18 
+ 1.2.3 


X 


(0-06) 3 + ... 


= 1 + 1*2 + 0*684 + 0*24624 + ... 


The terms decrease quite slowly and hence it is necessary to take at 
least the first four shown above to achieve reasonable accuracy. 


Thus, l*06 2 o- 3*13024. 


h 

x 


=>n 16° 12', 


or, // = 0*2905*. 

Also, from triangle ABP, 


or, 


h 

x + 200 


= tan 12°8', 


h = 0*215 (* + 200). 

0*2905* = 0*215(* -f* 200), 
= 0*215* + 43. 


The fifth term will be 0*24624 X ^ X 0*06 which is approximately 

0*24624 x i or 0*06. As the numerator of each successive term 
decreases and its denominator increases (quite apart from the multi¬ 
plication by 0*06) further terms will diminish more rapidly. For 

example, the ratio between the 6th and 5th terms will be-j- X 0*06, 

or about one-fifth. Since the percentage error incurred by ignoring 

the fifth term by itself does not exceed x 100 = 2 per cent, that 

incurred by ignoring the 6th and all subsequent terms is unlikely to 
exceed about i per cent. Thus, taking the first four terms only of the 
expansion, 
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MATHEMATICS B, 1967 (« continued) 


S,*2,°00(i-j4j), 

= 2,000(1 - 0*3195) 

= 2,000 X 0*6805 = 1,361. 


at 0 and terminating at b, represents in magnitude and direction, the 
resultant pull on the pole. 

By measurement from sketch (6), 

Ob = 642 lbf, and /_Q = 44°20'. 


The divisor 3 • 13 is accurate to, say, better than 2 + i = 2\ per cent 
and its reciprocal 0*3195 will have the same accuracy. 

Because of the subtraction of 0*3195 from unity, the percentage 

accuracy of S n will be improved in the ratio of about * 


(i.e. approximating 0*3195 to 0*32) which equals 2J. Thus, the final 

24- 

answer of £1,361 should be accurate within, at worst, ^-=1*176 per 


cent. 

Using common logarithms, an answer of £1,376 is obtained and 
hence the actual error in assuming an answer of £1,361 is 


15 


X 100 = 1*09 per cent. 


If the 5th term in the binomial expansion were to be taken into 
account, the overall accuracy should be better than, say, i per cent. 

Hence, the total present worth is £1,361, within an accuracy of 
about 1 per cent (the accurate answer will be higher). 


Thus, the resultant pull on the pole is 642 lbf in the direction OR 
at an angle of 44°20 / with OA, as shown in sketch (a). 

An elevation showing the pole OD and stay-wire OE is shown in 
sketch (c). As the stay-wire is in correct alignment, OR, the direction 



of the resultant, the pole OD and OE are all in the same vertical plane. 
If 7Tbf represents the tension in the stay-wire, this must act in the 
—> 

direction OE to oppose OR. For equilibrium of the pole horizontally, 
i.e. assuming no resultant horizontal force at O, 

T cos 37° = 642. 


Q. 7. In Fig. 1 OA, OB, OC represent in plan three open-wire tele¬ 
phone routes leaving a terminal pole at O. Find graphically, or other¬ 
wise, the resultant pull on the pole, in magnitude and direction, assuming 
each wire horizontal and tensioned to 200 lbf. 



If a stay-wire is attached at O, in correct alignment and inclined at 
37° to the horizontal, find the tension in it. 


A. 7. Since the tension in each wire is 200 lbf, the total pull on the 
pole in each of the three directions is as shown in sketch (a). In the 



direction OA, with 10 wires, the total tension is 10 x 200 = 2,000 lbf, 
and the total forces in the directions OB and OC are similarly deter¬ 
mined as 1,200 lbf and 800 lbf, respectively. 

The graphical determination of the resultant pull is shown in 
sketch ( b). Using a suitable scale, e.g. 1 in. representing 200 lbf (the 


~ 804 lbf. 

Thus the tension in the stay-wire is 804 lbf. 

Q. 8. (a) Sketch the graph of the function y = 3x 2 + 4 /x including 
positive and negative values of x. 

From first principles derive a formula for the slope of the tangent to 
this graph at any value of x. Calculate the value of xjfor which dy/dx = 0. 

7T 7 J 

( b) Plot the curve y — cos x from x — to x = ^ radians, in steps 
of From the graph find the slope of the tangent to the curve at the 

12 / sjj J \ 

point f 3 ", 2 ) au ^ so verify for the value x = the formula for differen¬ 

tiating cos x. 

A. 8. (a) y = 3x2 + 1 

To sketch the curve it is necessary to examine salient features of the 
function. In the first place when x is tending to zero, for either positive 
or negative values, the term 4/*->oo. Since the first term, as *->0, 
becomes very small, y -* oo as x 0. The curve will therefore descend 
from +oo as x increases from zero and will ascend from — oo as x 
decreases from zero. 

When y = 0, 

3x2 + - = 0, 

X 



whence, x = — 1*1. 

Thus, as shown in sketch (a), as x increases negatively the curve 



scale actually depicted is smaller than this for ease of reproduction 

of the sketch), Oa is first drawn to represent the pull of 2,000 lbf, in 
the direction OA of sketch (a). 

The vector ac is next drawn in the direction OC, i.e. so that angle 
caO = 30°, and of the correct length to represent a force of 800 lbf. 

•—► 

Finally, starting at c, the vector cb is drawn, parallel to OB, to represent 
the pull of 1,200 lbf in the direction OC. Then the vector OB, starting 
10 
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MATHEMATICS B, 1967 (continued) 


ascends from — oo, crosses the * axis at x ~ —1*1 and continues to 
rise as the first term 3x 2 becomes increasingly large. One or two points 
plotted at, say, x = — 2 and x = — 4 will determine the shape of 
the curve in this region approximately. 

For positive values of x, y ~ 3* 2 when x becomes greater than, say, 
10. As the curve descends rapidly from +oo when x ~ 0 and then 
rises according to a square law it must pass through a minimum value, 
which may be determined from the first derivative of the function 

dj’ _ _ ± 

d* 6 *2 * 

dy 

For maximum or minimum values, -£■ = 0. 

dx: 

6* = i, 


or, 


*3 = 


3 ’ 


whence, * = 0*8736. 

ymtn. = 3 X 0*8736 2 4~ 
= 6- 87. 


0-8736 * 


But 


x + dx * 
dy = 3(* 2 + 2xdx + dx 2 ) + 

y = 3x2 + t- 

dy = 3* 2 4- 6xdx + 3 dx 2 + 


x + dx 


-y- 


*4 - dx 


- 3* 2 - • 


= 6xdx + 3fo2 + 4x , 

x(x 4- (5*) 


= 6xdx 4- 3dx 2 — 


4dx 


Now, 


dy 
dx 
dy __ 


= 6x 4- 3dx 
dy 


x(x 4- dx)' 
4 


*(* 4- <5xr) ’ 


lim 

dx: s*->o<5* 


(b) 


y = cos *. 


* rads 

77 

4 

77 

T 

577 

72 

77 

~2 

* degrees 

45 

60 

75 

90 

y = cos* 

0-7071 

0-5 

0-2588 

0 


The above table gives the values required and the curve is plotted 
in sketch (b) from these values. 

The tangent to the curve has been drawn at point P(7 t/ 3, 4)and its 
slope is measured from the coordinates of points A and B as follows: 
Slope of tangent to curve at P, 


0-046 - 0-726 
77/2 — 77/4 5 

0-68 
77/4 ’ 

_2-72 
77 9 

= - 0-8658. 


No 

2-72 


Log 
0-434 6 
0-4972- 

7-9374 



This minimum point may therefore be plotted (point A in sketch (a)) 
and together with a further plotted point B at * = 4, will determine 
the approximate shape of the curve between x = 0 and x = 4. For 
higher positive values of x the curve then rises approximately according 
to the same square law as obtains for the corresponding negative 
values of x. The general shape of the curve is therefore as shown in 
the sketch. 

Suppose x increases by a small amount dx and that the corre¬ 
sponding change in y is dy. 

Then y 4- dy = 3(* 4- <5x ;) 2 4 - ^ 


When y — cos x;, 

dy 

dx 


= —sin x. 


When x — 77 / 3 , sin x: = 0-866 and hence —0*866 will be the slope 
of the tangent to the curve at this point. The measured value is very 
close to the value calculated from the formula and hence verifies the 
formula for the value x = tt/3. 

1*1 _ p tt/4 

Q. 9 (a) Evaluate (/) I (1 — V x) 2 dx, (//) cos xdx. 

J o J 0 

(b) Sketch the curve y — 3x(4 — x: 2 ) and calculate the area enclosed 
in the positive quadrant between the curve and the x-axis. 


A. 9. (a) 


(0 f(l - V*) 2 dx% 

J o 

■I 

= r*-?^ + *-T 

L 3/2 + 2J0’ 


= (1 - 2*1/2 -I- X )dx, 
J o 

2*3/2 , ^2-]l 

3/2 

— 1 — y 4- i > 

= 1/6 


00 


p7r/4 

cosx:dx:, 

J o 


The value of x: for which ^ = 0 was calculated above in sketching 
the curve and is 0-8736. 



= [Ho /4> 

= sin 45° — sin 0°, 

= 0-7071. 

(6) 

s- 

il II 

?? 
£ & 

When 

d 

II 

0 " 

II 

H 


Also, when y = 0, 12x: = 3 x: 3 , or, x 2 = 4, i.e. x — ±2. 

The curve thus crosses or touches the x:-axis at —2, 0 and 4-2. 
When x is negative, x: 3 is also negative and the term — 3x: 3 will therefore 
be always positive whilst 12* will always be negative. When * = — 2. 
the terms 12* and — 3* 3 are numerically equal and hence when 
x < — 2, the curve ascends at an increasingly rapid rate. 

When * is positive, 12* is positive and — 3* 3 is negative. It may 
easily be deduced similarly that when * > 2 the curve will descend 
at an increasingly rapid rate. 


Also 


^ = 12 - 9*2. 

d* 


dy _ 


For maximum or minimum values = 0. 


or, 


9 * 2 = 12, 

*=±^=±M54. 

*=1-154, y = 9-237, 
*= —1-154, y = -9-237. 


When 

and, when 
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MATHEMATICS B, 1967 {continued) 


At x = — 1-154, the value of y will be a minimum, whilst at A. 10. {a) i = 48/(0-02 —/) amps, 

x — 1 * 154 a maximum occurs. The curve may be sketched with the 

aid of this information and is shown in the sketch. — 0-96/ — 48/ amps. 



- = 0-96 — 96/ amps per second. 
cit 

The voltage, v, induced by a current changing through an inductor 
is given by 

v — — L^ t volts, 

where L is the value of inductance in henries and ^ amps per second 
is the rate of change of current. 

... v = _ £(0-96 - 96/), 

= —0-004 X 0-96(1 — 100/) volts, 

= -0-00384(1 - 100/) volts 


v will be zero when 1 — 100/ = 0, i.e. 

when / = JL = 0-01 seconds. 

1UU 1 

(b) If Z represents impedance, R resistance, co = 2irf f the angular 
frequency, and L the inductance, then 

Z = R + j coL in complex number form: 

... z = 4 + j 277-800(0 • 003) ohms, 


Note .—The student would not be expected to produce an accurate 
graph such as that shown in this answer, but only an approximate 
sketch. However, he would be required to show that the function is 
positive between x = 0 and x — 2. 

Area enclosed in the positive quadrant between curve and x axis 
= area under the curve between x = 0 and x — 2 


= f (12* - 3*3) d*, 
J o 

-[— tJ. 


= 24 — 3 x^ 6 , 


= 24 - 12 = 12. 
Hence area required = 12 square units. 


Q. 10. {a) Over the 20-millisecond interval t = 0 to t = 0 -02 seconds 
a current i — 48/(0-02 — /) amperes flows in an inductance of 4 mH. 

Derive an expression for the voltage v across the inductance at a 
time t seconds during this interval. When is this voltage zero ? 

(b) Express in complex number form the impedance in ohms of a 
choke of inductance 3 mH and series resistance 4 ohms at a frequency 
of mHz. 

Also obtain the phase relation between the current through the choke 
and the 800 Hz alternating voltage applied across it. 


= 4 -f- )tt x 4-8 ohms, 
= 4 + j 15-08 ohms. 


No. 

71 

4-8 


0-4972 
0-6812 + 


1-1784 


If i represents the current through the choke and v the voltage 
across it, then, 

v = i x Z 
= /(4 +j 15-08). 

The voltage v comprises two components, vr = / X 4, in phase 
with the current /, and vl — i X 15-08, leading the current by 90°. 


v L » 15-081 



l 


The sketch shows the vector diagram in which 6 is the phase angle 
between the voltage v and the current /. 

From the sketch, 


tan 0 = 


vl = 15-08/ 
v R 4/ * 


= 3-77, 

whence, 6 ~ 75°9'. 

Thus the current lags behind the voltage by 75°9'. 


RADIO AND LINE TRANSMISSION B, 1967 
Students were expected to answer any six questions 


Q. 1. Draw a simple block diagram of the apparatus required for a 
four-channel independent sideband h.f. radio-telephony transmitter , and 
briefly explain the function of each part. 

Why is suppressed or reduced carrier working advantageous in this 
application ? 

A. 1 The sketch is a block diagram of the transmitting side of a 
four-channel independent side band (i.s.b.) system, and shows the 
various stages of frequency translation involved. At the radio tele¬ 
phony terminal [r.t.t.] the four speech channels, each occupying 
the band 0-25 to 3 kHz, are taken in pairs and one channel of each 
pair is translated to the band 3 • 25 to 6 kHz using a balanced modu¬ 
lator in the channelling equipment. The carrier frequency input is 
derived from a 6-25 kHz crystal-controlled oscillator, and the lower 
sideband is selected by means of a bandpass filter. The translated 
channel is incidentally inverted in frequency. Two pairs of channels 
are thus assembled, each pair occupying the band 0-25 to 6 kHz, and 
these are connected by land lines to the trasmitting station. 

12 


At the transmitting station each pair of audio-frequency signals 
modulates a 100 kHz carrier derived from a common source. Band¬ 
pass filters using quartz crystal resonators select the upper sideband 
(100-106 kHz) from one of these modulators, and the lower sideband 
(94-100 kHz) from the other, so that in the combined output the four 
channels are assembled in a 12 kHz band centred on 100 kHz. The 
drive equipment includes a second modulator which is fed by this 
100 kHz input signal and a 3 MHz carrier. The upper sideband of 
the output from this second modulator, centred on 3 • 1 kHz, is selected 
by a bandpass filter. 

Two stages of modulation are necessary in the drive equipment 
because adequate filter selectivity would otherwise be difficult to achieve 
at 3 MHz. 

In the final modulation stage, which is normally part of the trans¬ 
mitter, the frequency of the crystal-controlled carrier supply is chosen 
so that the lower sideband at the modulator output is equal to the 
frequency desired to be transmitted. 

The output amplifier consists normally of a number of tuned 











































RADIO AND LINE TRANSMISSION B, 1967 {continued) 


PILOT 



stages, delivering a peak power of about 30kW to the aerial. A high 
degree of linearity must be achieved in order to avoid distortion and 
inter-channel crosstalk. 

A well-balanced ring modulator will produce no output at carrier 
frequency. This is an advantage in h.f. radio telephony because the 
full output power is then transmitted in the sidebands, none being 
consumed by the carrier which contains no intelligence. The conse¬ 
quent saving when the carrier is suppressed may be utilized either 
to produce a higher signal-to-noise ratio at the receiver, or to reduce 
the power-handling requirements of the transmitter. 

In practice it is necessary to reintroduce the 100 kHz carrier as a 
pilot signal at a very low level (26 dB below peak sideband power), 
so that it may be used for automatic gain and frequency control at 
the receiver. This is called “reduced-carrier” working. 

Q. 2. Draw circuit diagrams , and write brief notes with waveform 
sketches on the operation of two of the foil owing: 

(a) a triode-hexode frequency-changer stage , 

( b ) a diode-demodulator stage , 

(c) a double-balanced ring modulator. 


C6, and which controls the local-oscillator frequency. Automatic 
grid bias for the triode section is provided by components R5 and C5. 
Resistor, R3, decoupled by capacitor, C4, provides self-bias to the 
hexode section. 

The triode grid is connected internally to a second control grid in 
the hexode section of the valve. This second grid is protected from the 
influence of the first grid by the addition of an extra screen grid 
between the two, internally connected to the normal screen grid. 
Resistor R1 provides positive bias to both screen grid sections, and 
capacitor, C3, decouples them to a.c. Thus the hexode electron 
stream is also modulated at the local-oscillator frequency, and so the 
mutual conductance (g m ) of the hexode section changes with the 
oscillator voltage. The oscillator voltage “swing” is made sufficiently 
large to traverse most of the hexode dynamic mutual-characteristic, 
which is non-linear, causing g m to vary with time in a non-linear 
fashion: 

i.e. gm = a o -f a\ cos co 0 t + a.z cos 2o) 0 t + . . ., 

where ao, a\, etc. are constants, and ^ is the oscillator frequency (/o). 

277 

The input signal is designed to be small compared with the oscillator 
signal, so that 

la ~ 8m v g> 

where, v g = V cos co s t y 

^ being the signal frequency (f s ). 

Expanding this expression for anode current (i a ) yields many terms, 
including the term Va\ cos co s t cos co 0 t , which may be re-written 

■Tp [ cos 2 ^(/o + fs)t + cos ^(/o - /j)/J . 

The local oscillator is normally tuned to a higher frequency than the 
incoming-signal frequency and the hexode anode circuit (L4, C8) is 
fixed-tuned to select the component at frequency, /o — f s , which is 
termed the “intermediate frequency” [i.f.], and reject all other 
unwanted frequencies. 

Coupling to the following, first i.f. tuned-amplifier stage, is via 
coils L4, L5, which form the first i.f. transformer. This is double- 
tuned by C8 and C9 to achieve the required band-pass characteristic. 

Capacitors, Cl and C7, are ganged together, so that with the aid 
of padder and trimmer capacitors (not shown) the i.f. remains con¬ 
stant, irrespective of the incoming frequency to which the receiver is 
tuned. 


A. 2. (a) Triode-hexode frequency-changer stage. 

A circuit diagram of such a stage, which might be employed in a 
superheterodyne receiver, is shown in sketch (a). The input tuned 



(a) 


circuit (LICl), fed from the receiving aerial, sometimes via an r.f. pre¬ 
amplifier, is fairly broadly tuned to the desired radiated frequency, 
and its main purpose is to reject “second” or “image” channel inter¬ 
ference. This incoming signal is then connected to the first control 
grid of the triode-hexode valve, and so modulates the electron stream 
emitted by the cathode. 

The triode section of the valve forms part of a shunt-fed, tuned- 
anode oscillator, feedback being via the mutual coupling between 
inductors L2 and L3. Resistor, R4, is a high resistance d.c. con¬ 
nexion to the triode anode, the effective anode load being the tuned 
circuit, L3 C7, which is connected via the d.c. blocking capacitor 


(b) Diode-Demodulator Stage. 

Sketch ( b ) shows the circuit of a simple diode detector for amplitude 
modulated waves. An example of such an input wave is given in 
sketch (c). Consider the basic demodulator alone. The first positive 






(c) 

half-cycle of the input signal will cause the diode to conduct and thus 
form a low resistance charging path for capacitor, Cl, which will 
charge to almost the peak input voltage. As soon as the input voltage, 
having passed its peak, falls below the value to which capacitor, Cl, 
has charged, however, the diode becomes reverse-biassed and so 
ceases to conduct. Capacitor, Cl, then begins to discharge through 

13 


















































































































































RADIO AND LINE TRANSMISSION B, 1967 {continued) 


resistor, Rl, but since resistor, Rl, has a much higher resistance than 
the forward-biassed diode, the discharge is much slower than the 
charge. The diode remains reverse-biassed throughout the following 
negative half-cycle and the beginning of the next positive swing, until 
the input voltage again exceeds the voltage across capacitor, Cl. At 
this point capacitor, Cl, begins to charge again. Sketch (c) shows 
that the average voltage across Cl follows the modulation envelope 
of the incoming wave. 

It is important that the time constant, C\R\, should be long com¬ 
pared with the periodic time of the carrier wave (i.e. C\R\ > 1 lf s , 
where f s is the carrier frequency) but short compared with the 
audio modulation period (i.e. C\R\ l//m, where f m is the highest 
modulating frequency). If the former condition is not met there will 
be excessive ripple in the output signal, and if the latter is not met Cl 
will not discharge sufficiently quickly for the output to follow the 
most rapid decreases in the modulation envelope. 

The residual carrier frequency ripple may be removed from the 
output signal by the addition of components R2 and C2. Capacitor 
C2 has a low reactance to carrier frequency, allowing the ripple com¬ 
ponent to be developed across R2, but a high reactance to the modu¬ 
lating frequency. Little of the modulation voltage is dropped across 
resistor R2, therefore, and most is applied to resistor, R3, via capacitor, 
C3. Capacitor, C3, is a high value capacitor having a very low 
reactance to even the lowest modulating frequency and effectively 
blocking only the d.c. component in the output. The voltage across 
the output load resistor R3, normally made variable and used as a 
volume control, is thus a replica of the original modulating wave, as 
shown in sketch {d). Resistor, R3, must of course be large compared 
to resistor, R2. 



(c) Double-Balanced Ring Modulator. 

Sketch (e) contains a diagram of this device with waveform sketches. 
The carrier signal (frequency / c ), connected to points A and B, is applied 
at a much higher level than the audio modulating signal (frequency f m ) 
and therefore controls the biassing of the diodes. On half cycles during 
which A is positive with respect to B diodes D1 and D2 are forward- 
biassed and will thus conduct, whereas diodes D3 and D4 are non¬ 
conducting. This situation is represented by sketch (/). During 
negative half cycles of the carrier, diodes D3 and D4 are forward-, 
and D1 and D2 reverse-biassed, and sketch (^) applies. 




+ 



OUTPUT 


If resistor, R, is correctly adjusted the magnetic flux due to carrier- 
current in one half of the output transformer will be cancelled by 
that in the other half, and there will, therefore, be no voltage developed 
in the secondary winding at carrier frequency. The carrier signal 
merely acts as a switch causing current due to the modulation input 
to flow alternately in different directions in the output transformer 
primary. The secondary voltage is thus as shown in sketch ( e ). This 
waveform can be shown to comprise a large number of harmonics, 
two of which will occur at frequencies (f c — fm) and (fc + fm )• These 
are called the first lower and upper sidebands, respectively. A band¬ 
pass filter may be used to select these sidebands and reject the other 
unwanted harmonics, or, more commonly, to select a single sideband, 
either upper or lower as desired. The latter case results in ‘single¬ 
sideband suppressed-carrier amplitude modulation”. 

Q. 3. Explain briefly how radio-wave propagation affects the practical 
application of transmissions in the following frequency bands: 

(a) very low frequencies , say below 100 kHz , 
lb) high frequencies , say between 10 and 30 MHz, 

(c) very high frequencies , say between 100 and 300 MHz. 

Q. 4. Write a brief account of the main sources of interference to 
h.f. radio reception , distinguishing carefully between natural and man¬ 
made interference. 

State briefly what steps may be taken to combat each type of inter¬ 
ference. 


A. 4. The British Standard definition of the word interference is: 
extraneous energy which tends to interfere with the reception of 
desired signals. 

Thus interference is the presence in a receiver output of unwanted 
responses, due to the reception of signals from external sources other 
than the wanted transmitter. Noise, due to imperfections within the 
receiver itself and disturbances of the wanted signal on its transmission 
path (such as fading, etc.) do not come under the heading of 
interference. 

Interference may be classified under two main headings: 

(/) Man-Made. Sources of man-made interference may be further 
subdivided into two categories: 

(a) Electrical Apparatus. Examples are high voltage power lines, 
aircraft and motor-car ignition systems, brush motors, switchgear, 
in fact any source of spark or arc discharge. Noise from these sources 
is distributed throughout the h.f. band and is strong in cities and 
industrial areas. 

For appliances such as electric motors the interference may be 
radiated directly from the spark, but modern plant is usually well 
screened and only receivers in the immediate vicinity of the source 
should suffer in this way. The main trouble usually arises from radia¬ 
tion by the supply cables when the current is interrupted by sparking 
at the brushes. Receiving aerials should be sited as far away from 
such wiring, and from other interference sources, as is convenient. 
Roofs of buildings are generally most suitable provided screened 
feeders are used. Occasionally this type of interference may be carried 
by the mains supply, but the incidence of severe cases is not high. 

The most effective way of dealing with this interference is to suppress 
it at source. This may usually be accomplished by spark-quench 
capacitors, or combinations of chokes and capacitors of suitable value. 
The sketch shows a typical circuit for suppressing an electric motor. 

INTERFERENCE SUPPRESSOR 



The “delta” capacitor network forms a low-impedance shunt for 
high-frequency currents due to sparking at the brushes. The combined 
inductance of the choke assembly forms a high impedance to these 
h.f. components, but does not affect the flow of supply current for 
which the magnetic fields of the two sections oppose. 

( b) Other Transmissions. Interference may arise due to spurious 
reception of signals from transmitters other than the wanted source. 
This may take the form of unwanted reception on the same (i.e. 
co-channel) frequency or on an adjacent frequency, and in super¬ 
heterodyne receivers “image channel” interference (i.e. at a frequency 
as far above the local-oscillator frequency as the wanted signal is 
below it) may be troublesome. 

Co-channel interference may usually be avoided by transmitter 
power discipline on the part of the two (or more) services, usually 
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RADIO AND LINE TRANSMISSION B, 1967 {continued) 


widely geographically separated, sharing the frequency allocation. 
Adjacent channel interference may be minimized by good receiver 
selectivity, and by ensuring that each transmission in the crowded h.f. 
spectrum contains no significant sideband power outside its allotted 
bandwidth (e.g. 9 kHz). For superheterodyne receivers, adjacent- 
channel selectivity is provided by i.f. double-tuned circuits giving 
reasonably sharp cut-off beyond the channel passband, while the 
image channel, separated from the wanted channel by twice the i.f., 
may usually be eliminated by a fairly low-Q r.f. tuned-circuit. 

Spurious emissions in the r.f. band from imperfectly screened 
jndustrial, scientific and medical equipment have given much trouble 
in the past, but the recent allocation of an exclusive band to this 
equipment has largely overcome this problem. 

(//) Natural. Radio waves generated by natural causes are referred 
to as “static”, which normally has its origin in thunderstorms and 
similar natural electrical disturbances, and is in the form of impulses, 
the energy of which is distributed over a wide frequency range. The 
field strength of static is, on average, approximately inversely propor¬ 
tional to frequency. At high frequencies, static transmissions are 
propagated by sky waves and are thus subject to ionospheric variations. 
Thus, during periods when propagation conditions are poor, most 
static interference is of local origin, while at other times the level may 
rise considerably as a result of distant static being received. 

Clearly nothing can be done about static at source, and the main 
means of combating it is to design the receiver response band to be no 
wider than that which will just accommodate the wanted sidebands. 
In cases where the static consists of occasional “crashes” of large ampli¬ 
tude, a peak limiter may help. This may consist of a diode in the audio 
signal path which is normally conducting, but becomes biassed-off 
if peaks occur in the signal envelope greater than twice the carrier 
amplitude (100 per cent modulation). Thus, the audio output fails 
to reproduce the excess noise voltage. 

On days when static is quiet, the limiting factor on receiver sensi¬ 
tivity may be noise due to galactic radiation (radio star emissions, etc.), 
particularly on winter afternoons. Such radiation consists of many 
discrete contributions and, if available, a choice of operating frequency 
will minimize this effect. 

Finally, for all interfering sources, man-made or natural, the use 
of directional receiving aerials to discriminate in favour of the wanted 
signal and against the unwanted transmission is likely to be a major 
factor in improving the quality of reception. 

Q. 5. Explain briefly why negative feedback is used on carrier system 
line amplifiers. 

An amplifier has a gain of 60 dB without feedback and 30 dB when 
feedback is applied. If the gain without feedback changes to 55 dB 
calculate the new gain with feedback. 

A. 5. The sketch shows a schematic diagram of an amplifier having 
a fraction p of its output voltage (Pout) fed back in series with the 
input in such a way that it is in antiphase to the input signal voltage 



{Vj n ). It is seen that the net voltage (V g ) applied to the amplifier ter¬ 
minals X and Y is Vf n — pv 0 uh but if the amplifier gain without feed¬ 
back is A y then V 0 ut = A V g = A(Vf n — pV 0 ut)> From this 

Vout + ApVout = AVm. 

VourC 1 + Ap) = AV in . 

Voltage gain with feedback (A /) = ^ -z (/) 

Vin 1 + Ap 

In any amplifier the largest voltage “swings” will be encountered in 
the output stage, so it is here that the signal excursions are most likely 
to run into the non-linear regions of the valve or transistor charac¬ 
teristics. For a single input signal this would result in distortion. If 
D represents the amount of distortion appearing at the output in the 
absence of feedback, and D/ the distortion with feedback, the fraction 
PDf is fed back and applied negatively to the amplifier input, to be 
re-amplified. The total output distortion with feedback is thus given 
by: 

D/ = D - pD/A. 

D f { 1 + PA) = Dy 

and d ' = TTJa (,7) - 

Equation (/’/) shows that the amplitude distortion appearing at the 
output is reduced by the factor 1 -f - PA. If PA is made large by 


employing a large amount of feedback, a large reduction in distortion- 
to-signal ratio may be achieved. The amplifier therefore operates 
more linearly. A pre-amplifier, operating linearly because it has only 
to handle small signals, may then be inserted before the feedback 
amplifier to restore the total gain to A f if necessary. 

In a carrier-system line-amplifier the advantages of greater linearity 
resulting from negative feedback are even greater. This is because 
such amplifiers handle many separate signals simultaneously in the 
form of telephone channels in frequency-division multiplex. Any 
non-linearity in the amplifier will cause intermodulation between the 
channels, resulting in crosstalk which is more serious than the mere 
distortion of a single signal. By the same mechanism negative feed¬ 
back greatly reduces such crosstalk. 

Another important advantage of negative feedback can be seen 
from equation (/). If a large amount of feedback is applied, so that 

A 1 

pA > 1 , voltage gain becomes approximately equal to or If 

the fraction p is derived from a purely resistive potential divider, for 
example, then the amplifier gain will be independent of frequency and 
will not vary significantly with time. As a result the amplifier will 
have the “flat” frequency response necessary in carrier systems, and 
its performance will be largely independent of variations in valve or 
transistor parameters with age. 

Note .—A common reason given for using negative feedback is to 
avoid oscillations in the amplifier. This reason is invalid, for, parti¬ 
cularly where two or more active stages are involved and unless special 
precautions are taken, the provision of a resistive connexion between 
the output and input of an amplifier renders instability more likely 
at those out-of-band frequencies where phase shifts due to “stray” 
reactances become significant. 


Gain in decibels is given by 10 logio 
watts. 


Now, power = 


Voltage 2 
Resistance * 



where P — power in 


Power gain, 

Pin 


V 2 OU,l Bout 

VhnlRin 


VoutV Rin 
Vm) Rout 


For equal resistances at input and output, 


gain in decibels = 10 logio ( jyr ") 2 = 20 lo gio * 

Let the original voltage gain without feedback be A , and the original 
voltage gain with feedback be Af. 

Then, 20 logio A = 60 dB, 

i , 60 . 

logio A = = 3. 

... A = 103 = 1 , 000 . 

Also, 20 logio Af = 30 dB. 

log 10 /f/ = g=l-5. 

A/ = 101-5 = 31-6. 

A 

From equation (/), Af = t -t-r • 

1 + Ap 

Af + AfAp = Ay 
giving, AfAP — A — Af. 


•• P = 


A- Af 
A f A • 


1,000 - 31-6 
31-6 X 1,000 


0-0306. 


Let new voltage gain without feedback be A 
.\ 20 logio A ' = 55 dB, 

logio^'=§=2-75. 


A' = 102-75 = 563. 


A' 

New voltage gain with feedback = -r—. — 77-5 (from equation (/)), 

1 + A p 

563 

1 + 0-0306 X 563 * 

= 30-9. 


New gain in decibels = 20 logio 30-9, 
= 29-8 dB. 


Thus, although valve ageing, for example, would have caused the 
amplifier gain to fall by 5dB without feedback, with feedback the 
reduction is only 0-2 dB. 
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RADIO AND LINE TRANSMISSION B, 1967 (< continued) 


Q • 6. Draw a circuit diagram of either a Hartley or a Colpitts type 

oscillator using a transistor and briefly explain its operation. 

List the factors affecting the frequency stability. 

A. 6. A diagram of a series-fed, Hartley oscillator employing an 
n-p-n transistor in common-emitter connexion is given in sketch (a). 
On connexion of the battery supply, the surge of current through the 
transistor shock excites the tuned circuit LC1 into oscillation. Without 



some means of overcoming losses the oscillations would quickly die 
away, but in this circuit this function is fulfilled by the transistor 
action. With respect to the tapping point on coil L, the opposite ends 
of the coil are in antiphase while the tuned circuit is oscillating. The 
tapping point is connected to the emitter of the transistor so far as 
a.c. is concerned, because of the low impedance of the battery and the 
low reactance of decoupling capacitor C3, which has a high capacitance. 
Furthermore, C2 is also a low reactance capacitor, serving merely as a 
d.c. block, so one end of the tuned circuit is effectively connected 
to the transistor base for a.c. while the other is connected directly to 
the collector. 

Now suppose, due to the tuned-circuit oscillation, the collector end 
of the tuned circuit to be “going” positive with respect to the tap, 
i.e. to the emitter. The opposite end will thus be going negative relative 
to the emitter, and so, therefore, will the base. Because of the phase 
reversal which takes place through the transistor a negative-going 
base-emitter voltage produces a positive going collector-emitter voltage, 
thus aiding the tuned-circuit oscillation. Positive feedback has there¬ 
fore taken place via the tuned-circuit, and by adjusting the coil tapping 
point the amount of feedback can be made just sufficient to maintain 
sinusoidal oscillation at constant level. 

Resistors, Rl, R2, and R3 form the conventional type of transistor 
bias circuit. Knowing the quiescent operating emitter-current suitable 
for the particular transistor concerned, R3 is chosen so that its volt 
drop—e.g. 1 volt—“swamps” the base-emitter voltage—e.g. 0-1 volt. 
The ratio of R2 to Rl is then arranged so that the p.d. across R2 is 
equal to the sum of the previous two voltages, but the total resistance 
Rl + R2 is such that the base bias current drawn is small compared 
with the total current through Rl. The p.d. between base and earth 
is therefore substantially constant, and should the base current tend 
to rise, due to a rise in temperature, for example, the increasing 
emitter current causes an increased p.d. across R3 which therefore 
reduces the base-emitter voltage, and so counteracts the original rise. 
The bias is thus temperature stable. 

The Colpitts oscillator, shown in sketch (b), operates in a similar 
manner to the Hartley circuit, except that it is shunt-fed, resistor, R4, 
providing the d.c. connexion to the collector. The tuned-circuit 
capacitance is “tapped” and the ratio of C\ to Ci determines the 



amount of feedback. It is possible here to connect the tapping point 
directly to earth because of the absence of a d.c. path. Capacitor, C5, 
fulfils the same purpose as C2 in sketch (a), and Rl, R2, R3, C3 and 
C4 also have the same functions as before. 

The factors affecting temperature stability are: 

(/) The temperature coefficients of components, L and Cl (and C2 
for the Colpitts oscillator). These components mainly determine the 
resonant frequency of the tuned circuit and hence of the oscillator, 
and their values must therefore be extremely constant with tem¬ 
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perature. A temperature-controlled quartz crystal may sometimes be 
employed in the tuned circuit to achieve this end. 

(ii) The physical stability of the tuned-circuit components. The 
values of components, L, Cl (and C2) must not vary if the oscillator 
is physically disturbed, neither must they change with time. 

(Hi) The stability of the transistor parameters. As explained above 
the transistor input is effectively connected across one part of coil, L, 
and the output across the other. Thus any variation in transistor 
input and/or output impedance with temperature may cause a change 
in frequency. Since transistor impedances are also dependent on 
supply voltage this must also be maintained constant. 

(iv) Finally, if the load to be supplied by the oscillator has a reactive 
component, the frequency could be affected, so a “buffer” amplifier 
is normally connected between the two. 

Q. 7. A circuit comprises an inductor of 100 pH and a loss-free 
capacitor of 100 pF connected in parallel. 

Assuming that the effective resistance of the inductor is independent 
of frequency and that the Q-factor at the frequency of resonance is 100, 
calculate: 

(a) the resonant frequency , 

(b) the reactance of the inductor at the resonant frequency , 

(c) the circuit impedance at resonance , 

(d) the 3 dB bandwidth. 

If the components are now connected in series , what is the impedance 
at resonance ? 

A. 7. (a) Resonant frequency = 1-59 MHz. 

(b) Reactance of the inductor at the resonant frequency 

= 1,000 ohms. 

(c) The circuit impedance at resonance =100 Kohms. 

(d) The 3 dB bandwidth = 15*9 kHz. 

The impedance at resonance with the components in series 

a 10 ohms. 

Q. 8. Define the term characteristic impedance as applied to a trans¬ 
mission line. 

Sketch the construction of a 4-tube coaxial cable suitable for inland 
telephony use , giving typical dimensions and showing the materials used. 

Sketch a typical attenuationlfrequency characteristic for a coaxial 
tube. 


A. 8. Characteristic impedance may be defined as that impedance, 
which if it were used to terminate one end of a finite length of the line 
when an electromagnetic wave was being transmitted from the other 
end, would result in no energy being reflected from the termination. 
No reflections could occur in an infinitely long line, so an alternative, 
if impractical, definition would be “the impedance seen ‘looking into* 
an infinite length of the line”. When a transmission line is terminated 
in its characteristic impedance, therefore, no standing wave is set up 
and maximum power transfer occurs. For these reasons care is taken 
to ensure that most practical transmission lines are correctly ter¬ 
minated. 

The characteristic impedance (Zp) of a line may be determined by 
measuring the input impedance with the output end short-circuited 
( Z s /c ), and then open-circuited (Z 0/c ). It can be shown that 

Zo = ^ Z S f C Z 0 [C‘ 

For the answer to the rest of this question see A.5., Radio and Line 
Transmission B, 1966, Supplement , Vol. 60, p. 3, April 1967. 

Q. 9. Explain the operation of a Q-meter , with the aid of a circuit 
diagram. 

Describe how this meter could be used to measure the value of a 
capacitor. 

A. 9. Sketch (a) contains a circuit diagram of a simple Q-meter. 
It consists of a series-tuned circuit supplied by a voltage (v) injected 
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across a very low, non-inductive resistor (r) (e.g. 0-1 ohms). The 
operation of the circuit depends on r being sufficiently low for the 
impedance of the tuned circuit to have negligible shunting effect (i.e. 
I\ /). Since at resonance the tuned circuit impedance is equal to 
the coil resistance (R) (assuming C to be lossless) accurate readings will 
be obtained only if r R. Because of the low input resistance to the 
circuit a fairly high power a.c. source is required, and transformer T 
has a large step-down turns ratio in order to present the source with 
a resistance considerably greater than its internal resistance. These 
measures ensure that the voltage v remains substantially constant 
with changes in components, L, R, and C. 

For some applications a variable frequency source is required, and 
this must be designed so that its output voltage does not vary with 
frequency. 

When the coil whose 0 is to be measured is connected between 
A and B as shown, and C, which is an accurately calibrated, non- 
inductive and substantially lossless capacitor, is adjusted for resonance 
(indicated by a maximum reading on the meter provided that the 
value of 0 is reasonably high) the vector diagram is as shown in 
sketch ( b ). 


A. 10. See Sketch ( a ). The anode tuned-circuit is tuned to resonate 
at 1 MHz (f r ). The frequency response of the amplifier is largely 




determined by the tuned circuit, so if B is the 3 dB bandwidth of 

f 

the amplifier, then the 0-factor of the inductor is given by 0 = , 

provided the valve anode slope resistance ( r a ) is high. B 


Q = 


106 


9 x 103 


1111 . 


Alternatively, at resonance 0 


2rrf r L 

R 


lirfrL __ 2tt x 106 x 40 X 10"6 
0 111*1 
= 2*26 ohms. 


( 0 . 


The vector sum of Vl and Vc is zero, so that the applied voltage v 
is effectively applied across the coil resistance R, i.e. Vr = v. 


Thus 


fNote — — ^ ‘ . 

L ’ Vr I.R 

Furthermore, since | Vl\ = | Vc |, then 0 = . 

M 


g _\Vl\_\Vl\ 
y \Vr\ “ M • 


c on 

* J 


A high impedance meter, usually a valve voltmeter, is used to 
measure Vc in order not to affect the circuit Josses, and if the scale is 
calibrated so that v = 1 unit, then the instrument reads all but low 
values of Q directly. 

To measure the value of an unknown capacitor (C w ) a suitable coil 
is connected between points A and B, and capacitor, C, tuned for a 
maximum meter deflexion—i.e. for resonance at the supply frequency. 
The value of capacitor, C, is noted (Ci). Capacitor, C w , is then con¬ 
nected in parallel with capacitor, C (between terminals X and Y) and 
the latter reduced without changing frequency until, at a particular 
value (C 2 ), a maximum deflexion is again obtained. The same coil 
is in circuit so the total capacitance must be the same as before. 


Thus C u + C 2 = Ci, 

C u = Cj — c 2 . 

If resonance cannot be re-obtained when the unknown capacitor is 
placed in circuit then clearly C u > Cj and either a smaller value 
inductor must be substituted, or the supply frequency must be lowered. 


Q, 10. A class-A radio-frequency amplifier operates at a frequency 
of 1 MHz and employs a pentode valve with a mutual conductance of 
7 mA/V. The anode load is a parallel resonant circuit , the inductor of 
which has a value of 40 pH. If the 3 dB bandwidth of the amplifier is 
9 kHz what is the Q-factor of the inductor ? 

If a sinusoidal signal of magnitude 0 • 5 Volt r.m.s. at a frequency of 
1 MHz is applied to the grid , calculate: 

(a) the power dissipated in the inductor , 

(b) the peak voltage developed across the load. 


Since the valve is a pentode r a may be assumed to be high enough 
to be omitted from the a.c. equivalent circuit. The alternating com¬ 
ponent of anode current is given by 

ia — StnVg = 7 X 10“3 x 0‘5. 

= 3*5 mA, r.m.s., for the values quoted. 

Thus the r.m.s. circulating current in the tuned circuit (/ c ) becomes 
QI a = 111*1 X 3*5 = 388 mA. 

Thus, power dissipated in inductor = power dissipated in its resistance 
= 7^R (for a high 0-coil). 

= (388 x 10-3)2 x 2*26 
= 0-341 W. 

= 341 mW. 


Now the impedance of the tuned circuit at resonance ( Z r ) is given 

by Z r = ohms, and is purely resistive. 

CR 

Thus, peak output voltage = peak anode current X . 



(//). 


But at resonance InfL — 2 1T fc * 

.*. Q may also be expressed as 2 C R ^ See equat * on W)- 
Re-arranging, ^ = lirfrQ. 


Substituting in equation (//), peak load voltage == Vli a L x 2irf r Q. 
= 2V2 X 3*5 X 10-3 X 40 X 10-6 X 77 X 106 X 111*1. 

= 138 volts. 
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Students were expected to 

0. 1. Describe two methods of determining the tension in an over¬ 

head span of cadmium-copper wire that do not involve cutting the wire. 
State the formula used in each case. 

Can either of these methods be used for checking the tension in a 
span of aerial cable? Give reasons. 

A. 1. The two methods used for checking tension in wires are: 

(a) The “Pendulum” method, 

(b) The “Ping-Pong” method. 


answer any six questions. 

The pendulum method is used to obtain the dip in a wire at the 
centre of the span from which the tension can be deduced. To find 
the dip the wire is given a transverse swing so that it moves as a whole 
and behaves as a pendulum. The span is set swinging by impulses 
applied, either by hand from the pole at the end of a span, or, by a 
rod at the centre of the span. The amplitude of the swing should be 
such that 20 swings can be counted before movement ceases. A stop 
watch is used to count the time for 20 complete swings. 

The time of oscillation of a pendulum is a function of its length, 
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LINE PLANT PRACTICE B, 1967 {continued) 


thus, if d is the dip in inches and t is the time for 20 complete swings, 
the relationship is given by: 

d = 0* 0306/2 

The tension in the wire can then be calculated from the formula 



where, T is tension in wire (lb), W is weight of wire (lb/in), L is length 
of span (in). 

In the ping-pong method, a transverse wave is sent along the wire 
and the time is noted for the wave to travel out and back after being 
reflected from the pole at the end of the span. 

The wave is started by striking the wire sideways by hand about 
18 in from the insulator. The return of the wave is felt by resting 
the hand lightly on the wire a few inches from the insulator. A stop 
watch is used and counting commenced when the first wave returns 
to its starting point, the time between two successive returns of waves 
being noted. For any given conductor gauge and span length the tension 
is determined as follows: 



Where t = time, in seconds, for one wave to travel out and back. 

K= a constant for the gauge of wire and the length of span concerned. 

In both methods measurements are repeated until consistent results 
are obtained. The pendulum method is simpler to apply but has the 
disadvantage that it is impossible to get a true swing or a sufficient 
number of swings in windy conditions. 

The “ping-pong” method can only be applied to homogeneous 
masses such as bare wires, so this method cannot be applied to aerial 
cables. In theory the pendulum method can be used for checking the 
tension in aerial cables but it is difficult to apply in practice, due to the 
weight of the cable and the effort required to enable it to swing long 
enough for an accurate timing. 

Q. 2. Explain the meaning of the following terms as applied to the 
mixing of concrete: 

{a) water-cement ratio , 

(6) weight batching , 

(c) volume batching . 

Why is weight batching considered superior to volume batching for 
certain types of concrete mix? How does the use of vibration for 
improving compaction of a concrete mix affect the choice of water- 
cement ratio ? 

A. 2. (a) The quantity of water in a concrete mix is usually 
expressed as the water-cement ratio, which is calculated by dividing 
the weight of water in the concrete by the weight of cement. A small 
proportion of the water is required for the chemical setting of the 
concrete and the remainder to make the mix workable and to faci¬ 
litate placing and compacting. This water eventually evaporates as 
the concrete dries, leaving minute air voids which will tend to weaken 
the concrete. The water-cement ratio should be as low as possible 
consistent with the degree of workability required. 

(b) Weight batching is the best method of mixing concrete for high- 
quality work. The weight of sand varies very little due to its water 
content and a mix specified by weight proportions is more likely to 
be of consistent quality. Proportioning by weight is usually based on 
the one cwt bag of cement, and a mix is usually specified as 1121b 
of cement to so many pounds of sand and aggregate. For example, an 
average mix might be specified as 112 lb cement to 270 lb of sand to 
420 lb of aggregate. 

Special weighing machines are used for the weighing of the quan¬ 
tities required for the mix and as long as the machine is level and the 
hopper filled evenly, no discrepancies should occur. 

(c) By this method the concrete ingredients are measured out by 
volume before mixing. There is always a danger of variation between 
one batch and another, consequently extra care must be taken when the 
quantities are measured and on no account should the “shovelful” be 
used as a unit of measurement. A special box, known as a “gauge 
box”, is used to measure out the sand and aggregate for the mix 
and is designed so that multiples of the volume of a bag of cement, 
li ft 3 , can be used and measuring of the cement is eliminated except 
for counting the number of bags used. 

Weight batching is considered more accurate than volume batching 
as difficulties are brought about by the “bulking” of sand when damp. 
Damp sand takes up to 35 per cent more space than sand which is 
dry or completely saturated with water. The mix is normally based 
on the volume of dry sand and an allowance needs to be made for 
bulking when the sand is actually measured. The weight of sand 
changes very little, when damp, so that if weight batching is used the 
error is far less than if volume batching is used. 

Vibration enables a much drier mix to be used thus a lower water- 
cement ratio can be specified resulting in a higher strength concrete. 

Using a high water-cement ratio is incorrect when vibrating, as 
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segregation of cement, water and aggregate occurs resulting in very 
weak concrete and the advantages of vibrating a dry mix are lost. 

Q. 3. A polythene-sheathed , self-supporting, combined aerial cable 
containing 75 pairs of 10 -lb copper conductors is to be erected on a pole 
route carrying eight 70-/6 cadmium copper wires. Explain how this 
cable would be erected and describe the methods used to strengthen the 
route where found necessary. 

Q. 4. Compare the two types of gas-pressurization system which are 
used to reduce the fault liability of underground cables. What factors 
will influence the type of gas used in these systems ? 

A. 4. The “flow” system is similar in principle to the “static” 
system of cable pressurization. The only difference between them is 
that in the flow system air is continually supplied to the cables and in 
the static system the source of air is removed once pressure has 
equalized throughout the cable. In both types of operations all open 
cable ends must be sealed to minimize air losses, similar compressors, 
desiccators, valves and pressure gauges are used and similar methods 
of leak location are employed. 

In this country local cables are continuously pressurized from 
equipment installed in the local telephone exchange and consequently 
the flow system is employed. Dry air is fed into the cable network 
at a pressure of 9 lb/in 2 . Because these cables are continuously pres¬ 
surized, small losses of air are continuously replaced without the need 
for further tedious and costly action being taken to locate the position 
of the defects that cause them. Because of the leakage, the pressure 
at the end of these cables will be less than that applied at the exchange. 
The lower limit of pressure at the end of a cable pressurized under the 
flow system is 3 lb/in 2 . Only the larger defects giving rise to the 
greater leakages should be sought where the flow system is in operation. 

Trunk and junction cables are filled with air until a pressure of 
9 lb/in 2 is obtained throughout the length of the cable. This calls for 
an almost air-tight sheath. Because of the greater length of these 
cables and the inherent resistance to the flow of air through them, it 
is not generally possible to pressurize them satisfactorily from one end. 
Hence, the static system is used. Any leakages that occur in these 
cables immediately results in a fall in pressure along the whole cable 
length. Pressure changes are detected by contact pressure gauges or 
small pressure switches (contactors). These devices are fitted at 
intervals along the route and are connected to alarm equipment at the 
controlling exchange. The spacing between the indicators depends on 
the diameter and type of cable involved. An alarm is given when the 
pressure falls by a fixed amount (usually to 7 lb/in 2 ). 

Routine pressure readings may also be taken from the gauges and 
an extremely early warning of leakages may be obtained. The extra 
cost of locating small leaks on trunk and junction cables is said to be 
justified by the high revenue earning capacity of the cables. Similar 
types of pressure gauge are fitted in selected cabinets which are installed 
in connexion with local distribution schemes. The contacts of the 
gauges or switches are set to give an alarm at the exchange at a 
pressure which bears a relation to the distance of the cabinet from 
the exchange. The gauges nearer to the exchange are set to operate 
at a higher pressure than those which are more remote. Routine 
pressure readings are not taken from the gauges fitted in connexion 
with flow systems. Flowmeters are, however, fitted between the air- 
supply equipment and each cable pressurized on a flow basis. This 
enables a check to be made of the quantity of air being delivered to 
the cable in question. Flowmeters are not needed for day to day 
work when a cable is maintained under the static system. They are 
fitted, however, as a standard item of distribution equipment in large 
installations. 

Factors governing the choice of gas used are 

(а) It should be non-asphyxiating, non-toxic and non-explosive. 

(б) It should be cheap and readily available. 

(c) It should be no denser than air. 

Q. 5. Describe in detail the method which would be used to slew and 
lower a four-way self-aligning duct track. What special precautions have 
to be taken with the cables contained in the ducts prior to the shifting 
of the route ? 

Q. 6. Describe in detail a method of sealing a 3 6-way duct entry into 
an exchange cable chamber. Methods of sealing both lead-sheathed and 
polythene-sheathed cables should be described. 

A. 6. There are two current methods of sealing duct entries into 
an exchange, a P.V.C. plate-seal for P.V.C. ducts and a lead plate- 
seal for all other types. Only the P.V.C. seal will be described. 

The first stage in fixing a P.V.C. seal is to provide a template on 
which the hole centres for both fixing bolts and duct positions are 
marked out. The P.V.C. faceplate of the seal can be used for this 
purpose. From this template a rectangular mounting frame is made 
up from 2 in X li in X i in angle iron with 6\ inch lengths of 
iinch B.S.W. steel-studding screwed and riveted, or welded into 
position to form the clamping bolts. This mounting frame is handed 
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to the building contractor and mounted in the building wall during 
the construction of the building (with the bolts protruding around the 
duct entry position). 

The P.V.C. sheet is used to mark out four separate pieces of 
2 in x H in X £ in angle iron to form a clamping frame that fits 
over the i inch thick P.V.C. sheet. The marked and drilled central 
holes for the fixing bolts and for the duct glands are then opened out 
to their full size using a tank cutter for the duct holes and a drill for 
the fixing holes. The wall around the opening is cleaned of any pro¬ 
jections and served with a i inch thickness of a putty consistency sealing 
compound. 

The P.V.C. plate is placed over the fixing bolts followed by the 
four pieces of angle-iron clamping-bar which are evenly tightened 
down to squeeze and seal the plate against the soft compound. Surplus 
compound is cleared away and a neat fillet made at the edge of the 
P.V.C. plate. 

A sealing gland is now placed in each of the duct entry holes and 
sealed in position by a black rubber compound which is tightened 
down by the knurled ring on the face side of the P.V.C. sheet. The 
glands are supplied with four types of loose collar which allow the 
gland to be set at angles of 90°, 85°, 80°, and 75° to the plane of the 
P.V.C. sheet where angled lead-ins are necessary. 

The P.V.C. ducts are now laid, starting by cementing each into the 
back of a gland with P.V.C. solvent cement and when complete a seal 
exists between the wall of the building and the outside of each duct 
barrel. 

The seal between the inside of the duct and the cable is made with a 
third type of filled-bitumen compound which is squeezed between 
two polythene disks cut to fit around the cable and compressed 
between a projection on the inside of the gland and a cap ring that 
screws onto the end of the gland. 
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(b) 


A part cross-section through the seal is shown in sketch (a) and a 
front elevation in sketch ( b ). 

Q. 7. State what factors are involved , and their relative importance , 
in deciding whether telephone service on a new housing estate should be 
by means of: 

{a) overhead dropwire served from aerial cable , 

(b) underground cable with overhead distribution poles , 

(c) underground cable. 

A. 7. In deciding which method of telephone service can best be 
adopted to serve an estate it is first necessary to obtain information 
on the following points: 

(a) proposed number and type of dwellings, 

(b) an up to date development forecast of telephone requirements, 

(c) layout of site, position of dwellings, walkways, roads and 
amenities of the estate, 


(d) local geographical features and position of the estate in relation 
to existing telephone plant. 

(e) particulars of any power circuits in the vicinity of the housjng 
estate which may necessitate the provision of some form of protection 
for the line plant. 

The type of plant required to give service should be provided as 
economically as possible, consistent with sound engineering principles 
and safety. 

For estates of houses, low flats and maisonettes, overhead distri¬ 
bution is more economical than underground distribution. It is 
flexible, and usually involves cabling along one side of the street only. 

Where subscribers are few and scattered, distribution is provided 
by means of an aerial cable supported by poles and the service to 
subscribers is by dropwire connected direct to the cable at pole 
positions, or from ring-type pole heads. 

Where the subscribers are reasonably close together, ring-type 
distribution poles spaced about 100 yd apart in the footway are fed 
by underground cable. Service to the subscriber is provided from the 
nearest pole to the dwelling by overhead dropwire, when required. 

Underground distribution is usually more expensive because it 
necessitates the laying of distribution cables on both sides of the 
road and, since it is not known which houses will want telephones 
over the years, an individual service cable has to be provided from the 
distribution cable to each dwelling at the outset in order to avoid 
disturbance of expensive pavings and cultivated front gardens at a 
later date. 

When plans for providing a telephone service are being prepared, 
liaison with the estate developer is essential to co-ordinate the pro¬ 
vision of telephone plant with building and street works on the estate. 
It is an advantage to obtain information of work being carried out by 
the other undertakers as this may influence the final proposals and 
reduce cost of provision, e.g. by sharing of trenches with other services, 
or the joint use of poles. It is very often possible to arrange for the 
normally more expensive underground distribution to be used if 
expense can be saved by the joint use of trenches and the provision of 
the service cable when the ground is already excavated during building 
operations. 

Q. 8. Explain the difference between a full-flexibility system and a 
partial-flexibility system when considering a line plant distribution 
scheme. Show with the aid of diagrams how a full-flexibility scheme is 
laid out using cross-connexion cabinets and pillars. 

A. 8. In answering this question it is easier to deal with the second 
part first. Sketch {a) shows a typical layout of a full-flexibility line- 
plant distribution scheme using cross-connexion cabinets and pillars. 



Apart from the area close to the exchange (E/O), where the main 
distribution frame (M.D.F.) acts as the flexibility point, all distribution 
cables from distribution points (D.P.) in each cabinet or pillar area are 
terminated on the appropriate cabinet or pillar. Also, all branch 
cables from pillars are terminated on the appropriate cabinet. 

Again, apart from the cables to the D.P.s in the E/O area, all cable 
pairs from the exchange terminate in one or other cabinet. 
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Thus, with this scheme, apart from the E/O area, every distribution 
cable pair or D-side pair can be cross-connected to any E-side cable 
pair in the cabinet or pillar. In the system used by the B.P.O. the cross- 
connexion is effected, either by means of a bridging pin, or a jumper 
wire. The system is fully flexible because any cross-connexion can be 
rearranged within the cabinet or pillar. 

In a partial-flexibility scheme, not all E-side and D-side pairs are 
taken via a cabinet (or pillar) i.e. some are jointed together outside 
the cabinet (or pillar) as shown in sketch (6). The cable pairs fed to 


CABINET 


DP 



between the B and C wires at X miles from the testing end of a quad 
L miles in length. A reflecting galvanometer is used with a universal 
shunt (not shown in sketch (a)). P and Q are 0-10,000 ohm decade 
resistors and Charge/Mix conditions are given by a double-pole, 
double-throw key. The resistors P and Q are first set to 1,000 ohm, 
K2 is opened and K1 operated to the charge position. After a 
short pause K1 is changed to the mix position and K2 briefly closed. 
The galvanometer will deflect; while P is maintained at 1,000 ohms, 
Q is then adjusted so there is no residual charge to cause deflexion of 
the galvonometer. The time on the charge position should be 
increased as a balance is approached, up to about 10 seconds will be 
required. The reading of Q at balance is noted as Q\. 



each D.P. are made up of a proportion of directly-connected pairs (i.e. 
those connected to the E-side via the joint) and a proportion of pairs 
connected via the cabinet (or pillar). Thus the system is not fully 
flexible because only a proportion of the cable pairs on a D.P. can be 
rearranged within the cabinet (or pillar). 

An alternative form of partial flexibility is the auxiliary joint (see 
sketch (c)). This has exactly the same principle as that described 


FROM 

EXCHANGE 


TO 



(c) 


above. The permanent through pairs are jointed in a plumbed joint 
and the flexible pairs are jointed in a mechanical joint. 

Partial flexibility suffers from the disadvantage that it is difficult to 
forecast accurately how many pairs to connect directly and how many 
to make flexible. As time goes on, and as the actual growth pattern 
emerges, it is more often than not necessary to make alterations to the 
permanently-connected pairs. This can be expensive and generally it 
is cheaper overall to have a full-flexibility system. 


Q. 9. Describe with the aid of a diagram how a split-pair in a cable 
quad could be localized by means of a mutual-capacitance comparison 
method. Formulae used need not be proved. 

A. 9. A split pair in a cable quad may be localized by a d.c. mutual 
comparison method known as the Oakford-Osborne test. It may be 
used on loaded or unloaded lines. 

On star-quad cable, when a pair is split, the capacitance measured 
between the wires A-B (or C-D) is increased in proportion to the 
length over which the pairs are split. At the same time, the capaci¬ 
tances measured between wires A-C and A-D are reduced by the 
same ratio. (On multiple-twin cable these changes are reversed.) 

The bridge is connected as shown in sketch {a) which shows a split 



The bridge is reconnected as sketch (b) and P is set at 2,000 ohms. 
The test is conducted in a similar manner, the value of Q for balance 
is noted as Q 2 . 

The distance to the split is given by, 


X = 


L{Q 2 - Qi) 

Q 2 - 1,000 


miles. 


On star-quad cable Q\ and Q 2 will be greater than 1,000 ohms; 
on multiple-twin cable they should be less. The formula may be used 
for both cables. 


Q . 10. Explain how an earth fault on a h.v. overhead power line 
can give rise to an induced voltage in nearby overhead and underground 
telephone line plant. What factors govern the magnitude of the induced 
voltage ? 


A. 10. In Great Britain it is the practice for the neutral point of 
high-voltage alternating-current, power-transmission systems to be 
earthed at transformer stations. When the system is operating normally 
the instantaneous value of the current in any conductor of a high- 
voltage power line is equal, but flowing in the opposite direction, to 
the instantaneous sum of the currents in the other conductors, and 
induction effects from the power conductors therefore tend to cancel. 
If, however, an earth fault occurs on a conductor, a heavy current will 
flow along the conductor and back via the earth to the transformer 
station, and the balance of the currents in the power conductors will 
be upset. As a result, a considerable alternating magnetic-field will 
be produced along the route of the power line from the point of fault 
back to the transformer station. A communication line, whether 
overhead or underground, which has parallelism with the power line 
within this magnetic field for any considerable distance will have 
longitudinal voltages induced in it, which may reach dangerous values. 

It can be shown, assuming no screening is present, that the magnitude 
of the induced voltage is proportional to the value of the earth fault 
current, the length of line exposed to induction and the mutual induc¬ 
tance between the inducing and induced lines. 

Thus, E = 2vflMf 

where, E = longitudinally induced voltage, / = frequency of the 
power system in Hz, / — length of exposure, M = mutual inductance 
between the two lines in henries per unit length, I — earth fault 
current in amperes. 

The value of M is dependent upon three factors, as follows: 

{a) the mean separation between the induced and inducing line, 

(b) the resistivity of the earth, 

(c) the frequency of the earth fault-current. 

Thus, for a given exposure and fault current the induced voltage 
is a function of the earth resistivity. The greater the earth resistivity 
the greater will be the spread and depth of penetration of the earth 
fault-current. Consequently, the mean path of the earth current will 
be further away from the fault current in the faulty-phase conductor, 
and there will be a greater external magnetic field and hence a greater 
induced voltage. In practice, the value of M at any mean separation 
can be obtained from mutual inductance graphs, which are available 
for various ranges of earth resistivity. 

The value of the induced voltage is also affected by the presence of 
earthed conductors parallel to and close to the power line or communi¬ 
cation line. Such earthed conductors have a screening effect which is 
expressed in terms of a screening factor which is defined as the ratio 
of the voltage Es induced in the communication circuit in the presence 
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LINE PLANT PRACTICE B, 1967 {continued) 


of the earthed conductor to the voltage E which would be induced in 
the absence of the earthed conductor, i.e. 


Screening factor = — • 

Screening factors are applied when: 

00 a continuous earth wire is present on the power line, 
{b) the power line is in metal-sheathed cable, or, 

(c) the communication line is in metal-sheathed cable. 


In these conditions, the induced current in the earth wire or cable 
sheath sets up a magnetic field which opposes that set up by the fault 
current, and so provides the screening effect. This effect is allowed 
for by multiplying the longitudinal induced-voltage, E, assessed as 
described above, by a screening factor that is always less than one, 
as the induced voltage is reduced. Typical values of screening factors 
are 0 • 66 for a copper earth wire with a cross-sectional area of 0 • 068 in 2 , 
and 0-3 for a 3-core, armoured power-cable. The screening factor of 
a telephone cable improves as the series resistance of the sheath is 
reduced. Typical values are 0-9 and 0-45 for sheath resistances of 
2*5 and 0-5 ohm/mile, respectively. 


LINE PLANT PRACTICE C, 1967 


Students were expected to answer any six questions 


Q. 1. Explain the term pneumatic resistance as applied to a cable- 
pressurization system. 

State the relationship between F, the quantity of air passed through 
a cable in fO/h , P, the total pressure drop in lb/in 2 along the length of 
the cable under test and R, the total pneumatic resistance. 

If the unit pneumatic resistance of a PCQL cable containing 20-lb 
conductors is 1-6 per 100 yd, calculate the rate of flow of gas under 
conditions of maximum leak at the far end of a 500 -yd length of 500- 
pair 20-lb PCQL cable {diameter 2*5 in) if gas at a pressure of 9 lb/in 2 
is applied at the exchange end of the cable. 

A. 1. The pneumatic resistance of a cable is the resistance to gas 
flow through the air spaces between the insulated conductors of a 
given cable. The pneumatic resistance of a cable depends upon the 
length, size and type of cable concerned. Thus values of “unit pneu¬ 
matic resistance” (U.P.R.), analogous to electrical resistivity for various 
types and sizes of cable, are required to enable different cables to be 
compared. 

The relation between the quantities F, P and R is similar to Ohm’s 
Law for the current voltage, and resistance in an electric circuit. Thus, 



The U.P.R. of PCQL cable is 1 - 6 per 100 yd, 

Now the relation between total pneumatic resistance and unit pneu¬ 
matic resistance is given by 


R = 


Li 

d 2 ' 


where, r — U.P.R., / = length of cable in 100 yd lengths, d — 
diameter of cable in inches. 


For the cable quoted R = 5 * } J * .. 

(2 op 

For maximum leak at the end of the 500 yd length, 

"-l- 53TT-6 X(2 - 5)I(R 

. *. Rate of flow of gas = 9 X ^ ^ ft^/h, 

j X 1*0 

= 7*03 ft 3 /h. 


The cable grip is drawn to its full extent over the prepared cable 
end so that the lattice tightens on the cable sheath; the end of the 
grip is then tied. 

A second tie will be required to prevent any strain being taken by 
the unconsolidated cable. This additional tie should be made round 
the grip either 9 in or 12 in from the cable end, depending upon the 
length of spike used. 


END OF GRIP BOUND TO 


SWIVEI.C0NNECT0R CABLE WITH TAPE 



The sketch shows the cable grip fitted to the cable as described. 

If the weight of the cable is Wlb mile and the density of copper is 

W 

555 lb/ft 3 , then cross section area of one wire is - OQr> ft 2 . 

j,2oU X djj 

There are 2 N wires in the cable. 

W x 2 N 

Therefore, total cross section A =ft 2 . 

5,280 X 555 

p 

Now f s = where, P is pull in lb on the cable, and f s is the limiting 


stress of copper. 

But, f s = 4 ton in 2 , 

= 144 X 4 X 2,240 lb/ft 2 . 


Hence, substituting for A, 

144 x 4 X 2,240 = 


P X 5,280 X 555 
Wx2N 


144 x 4 x 2,240 x W x 2N 
F 5,280 X 555 

R = 0*88 NW. 


Q. 3. Describe how the out-of-centre cabling costs are calculated for 
a new exchange site which is not at the practical centre. 

Q. 4. Describe with the aid of sketches the construction of an 800 -ft 
tubular steel radio mast , including its stays. 

Describe briefly how such a mast would be erected. 


Q. 2. Describe , with the aid of a sketch , a method of attaching a 
pulling rope to a paper-core polythene-sheathed cable. 

Derive a relationship between the limiting pull {P lb) on a cable , the 
number of pairs {N) in a cable and the copper conductor weight W lb 
per mile. Assume that the stress on the conductors should not exceed 
4 ton in 2 , and the density of copper is 555 Ib/fO, the load is shared by 
all the conductors and the contribution of sheath and insulation is 
negligible. 

A. 2. For cables i in or more in diameter it is necessary to fit a 
steel-wire cable grip over the pulling end of the cable to provide an 
attachment for the pulling rope. Before the grip is fitted it is necessaiy 
to prepare the cable-end so that the pulling-in stress is transferred by 
the grip to the core of the cable and not to the sheath. 

The seal on the end of the cable is cut off and a steel spike driven 
lengthwise into the cable end. During this operation care should be 
taken to keep the cable end straight so that the spike remains in the 
centre of the core. The spike is a round, mild steel bar with a 2 in 
taper, ending in a point. After the spike has been driven into the 
polythene-sheathed cable the cable end should be sealed with a small 
quantity of compound. 


Q. 5. Discuss the advantages and disadvantages of aluminium as 
compared with copper when used as a conductor material in a paper-core 
polythene-sheathed cable. Describe briefly three different methods of 
jointing aluminium conductors together. 

What is the purpose of the aluminium foil placed between the core 
and polythene sheath of a cable ? 

A. 5. Copper ore, in quantity, occurs only in Canada, Chile, the 
Congo, U.S.A. and Zambia, whilst that of aluminium is to be found 
in many parts of the world. This is the basic reason why copper prices 
are subject to so much variation while that of aluminium remains 
comparatively stable at £200 per ton. 

The two most important properties of wire for cable-making are 
electrical conductivity and weight. Other properties, notably tensile 
strength and ductility, are, however, of considerable importance. 
Aluminium has about 3/5 the conductivity of copper and 3/10 its 
specific gravity. It follows that, for a given resistance, an aluminium 
conductor has 4/3 the diameter of a copper one; there is the compen¬ 
satory feature that it has only % the weight. 

The relatively good conductivity-to-weight ratio of aluminium 
means, assuming prices per ton for copper and aluminium of £550 
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LINE PLANT PRACTICE C, 1967 (< continued) 


and £200 respectively, that the cost of the metal required to manu¬ 
facture a wire of given length and resistance is favourable to aluminium 
by a ratio of over 5:1. This explains the wide use of bare over-head 
aluminium conductor (some steel cored) for the transmission and 
distribution of electric power. 

Where cables are concerned, the comparative cost ratio is less 
favourable to aluminium because the greater diameter of the aluminium 
wire means that the finished cable diameter and the volume of wire 
insulation and sheathing are all roughly speaking increased in the 
same proportion. The making of cost comparisons is dependent on 
the following three factors all of which are to some extent indeterminate. 

(0 The variable price of copper means that a comparison made 
when a development scheme is planned is unlikely to hold when the 
cable comes to be purchased. 

(//) Manufacturing costs of cables made of small-gauge aluminium 
conductor wire are high because so little conductor of small gauge is 
made. Costs would undoubtedly fall as production increased, but to 
what extent it is difficult to predict. 

(///) Aluminium cable being a third larger in diameter, makes a 
greater demand on duct space. In some parts of the network this is 
an important factor, whilst in others it is of little moment. In the 
estimating stage it is often difficult to assign the value of lost duct 
space in a realistic way. 

Three possible methods are available for jointing aluminium 
conductors. 

(a) Electric Arc Welding. The aluminium conductors, insulated 
with their paper wrappings, are twisted up exactly as if they had been 
of copper except that the soldering process is substituted by electric 
arc welding. The bare portion of the twisted conductors is held near 
the base of the twist with a pair of pliers connected to the negative 
terminal of a 24-volt battery of secondary cells, such as is normally used 
for the lighting of jointing chambers. The positive terminal of the 
battery is joined to a carbon-rod electrode which is brought momen¬ 
tarily into contact with the tips of the twisted wires. The passage of 
the high current melts the ends of the aluminium wires and makes a 
satisfactory joint. The carbon-rod electrode is enclosed in an insulating 
holder, about the size of a fountain pen; this holder shields the jointer’s 
eyes from the intense light of the arc which forms at the instant of 
welding. As an added precaution the jointer is instructed to wear eye 
shields. 

( b ) Cold Pressure Welding. This method consists of pressing together 
the two conductors to be jointed. Considerable pressure is of course 
required, but within the limit which can be obtained from a toggle- 
jointed hand-tool. The success of the joint, however, depends critically 
on the cleanliness of the wires from which the oxide film must be 
completely removed by abrasion. Any trace of oxide film, or grease 
contamination from the fingers, will result in a weak weld. Due to 
the pressure only a thin section is left at the weld, and for strength 
the weld must be augmented by a twisted joint. Successful welds are 
possible on quite small conductors, but as a method of completing a 
cable joint it is not considered suitable. 

(c) Ultrasonic Soldering. Two methods of applying the solder 
(80 per cent tin 20 per cent zinc) are used with ultrasonic soldering. 
In one case the solder is applied at the tip of an electrically heated 
soldering bit which itself is vibrated at 22 kHz. The vibrations produce 
a large number of high pressure implosions of bubbles in the liquid 
solder, and these small implosions break up and remove the oxide 
surface on the aluminium. 

The second method, which is more suitable for conductor joints in 
a cable, is to use a solder bath instead of the bit. The joint nibs are 
immersed in the solder in the bath which is vibrated at 22 kHz. Clean 
soldered joints are quickly made by this method. 

The equipment is, however, expensive and requires a total power 
supply of about 500 watts a.c. which would need to be made available 
at each jointing point. 

The purpose of the aluminium-foil tape, which is bonded to the 
underside of the polythene cable sheath during manufacture, is to 
seal the cable against the ingress of water vapour. The barrier reduces 
by at least 20 times the effective area over which water vapour can 
diffuse into the paper core. 

Q. 6. State and describe briefly: 

(a) the three main groups into which natural rock is divided , 

(b) the five main fractions into which a mineral soil is divided. 

What is a “moisture unstable ” soil? 

A. 6. Natural rock is divided into three main groups as follows: 

(a) Igneous Rock. 

(b) Sedimentary Rock. 

(c) Met amorphic Rock. 

(a) Igneous Rocks. These may be regarded as the ultimate origin 
of all rocks forming the solid crust of the earth. They are formed by 
the cooling and crystallization of molten rock that has been injected 
into the earth’s crust from below; they have a very complex chemical 
structure. Igneous rocks are estimated to form approximately 
95 per cent by volume of the outer 10 miles of the earth’s crust, but at 
the surface they are extensively covered by sedimentary rocks. 
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(6) Sedimentary Rocks. The effects of weathering of the exposed 
igneous rocks cause both mechanical and chemical breakdown, often 
termed primary and secondary weathering. Primary weathering pro¬ 
cesses include the disruption of rock due to differential expansion 
and contraction following temperature changes and abrasion by wind 
and waterborne particles. Secondary weathering processes include 
the leaching action of water containing dissolved carbon dioxide. 

The larger pieces of rock (mainly products of mechanical dis¬ 
integration) form gravels and the smaller pieces (products of chemical 
breakdown) are carried away by rivers and streams to form the new 
rock beds. These deposited beds form the sedimentary rocks. Sedi¬ 
mentary rocks are divided into three main classes depending on their 
chemical composition, these classes are: 

(/) Calcareous rocks . 

(//) Siliceous rocks. 

(Hi) Argillaceous rocks. 

(c) Metamorphic Rocks. Periodically, the rocks of the earth’s sur¬ 
face are subjected to great pressures and heat due to shrinkage and 
buckling of the earth’s crust. These great pressures and the accom¬ 
panying heat can occur over relatively large areas for long periods of 
time and cause considerable modifications in the mineral structure of 
the rocks. Mineral changes also occur when, due to surface movements, 
the solid rock comes into contact with molten rock erupting from 
below. 

Rocks altered by heat alone without any considerable pressure are 
called “thermal metamorphic rocks” and this process usually results 
in a rock that is much harder and tougher than the original. Rocks 
of simple composition merely undergo recrystallization without 
chemical change. Thus sandstones are converted to quartzite and 
limestones are converted to marble. Rocks of a more complex con¬ 
struction, such as igneous rocks and impure sedimentary rocks, may 
be so changed chemically that the nature of the original rock is com¬ 
pletely altered. The resulting rock is called hornfels. Thermal meta¬ 
morphism almost always improves rocks from the roadmaking point 
of view and some hornfels are among the best roadmaking aggregates. 

Rocks altered by pressure and heat occur over larger areas than the 
thermal metamorphic rocks and are termed “regional metamorphic 
rocks”. The main characteristic of these rocks is a banded, or 
laminated, structure. Examples of regional metamorphic rocks are 
shale, slate and granulite. Few of these rocks are suitable for road¬ 
making aggregates. 

The five main fractions into which a mineral soil is divided are as 
follows: 

(/) Boulders. These are stones with an equivalent particle diameter 
of over 60 mm. 

(//) Gravel Fraction. The gravel fraction consists of particles between 
60 mm and 2-0 mm equivalent particle diameter. Gravel consists of 
particles of coarse material resulting from the disintegration of rocks. 
The particles have often been transported by water and, as a result, 
they are worn down and have rounded shapes. The particles are 
generally found in sand or sand mixed with clay. 

(//#) Sand Fraction. The sand fraction consists of particles between 
2*0 mm and 0*06 mm equivalent particle diameter. Sands are usually 
composed of particles of silica and quartz. Dry or damp sand forms 
a very good foundation material provided that it cannot spread 
laterally or be washed out. 

(/v) Silt Fraction. The silt fraction consists of particles between 
0*06 mm and 0-002 mm equivalent particle diameter. Silt particles 
are similar, physically and chemically, to particles in the sand fraction; 
the differences in characteristics being due mainly to the smaller 
particle size. Silt is an undesirable load-bearing material. Sub¬ 
divisions exist embracing coarse, medium and fine fractions for both 
sand and silt. 

(v) Clay Fraction. The clay fraction consists of all particles smaller 
than 0-002 mm equivalent particle diameter. The particles in the 
clay fraction differ from those in the other fractions in their chemical 
constitution and in their physical properties. Chemically, they consist 
mainly of hydrated alumino-silicates. Physically the clay particles 
differ from the coarser fractions in that they are flat and elongated. 
Clay soils vary widely in character, they range from soft wet clays, 
which will squeeze out laterally under a light vertical pressure, to hard 
clays capable of bearing heavy loads without yielding. 

When water is added to a group of closely packed particles there is 
mutual attraction between the water and the particle surfaces, due to 
adsorption and surface tension. This mutual attraction causes the 
particle surfaces to be coated with water. The distance between 
adjacent particles is therefore increased and the total volume of the 
materials is increased. This water film is extremely thin but for soils 
having a small equivalent-particle diameter the effect of the water 
film becomes very pronounced. The volume of these soils will vary 
considerably with changing moisture content. This effect occurs with 
clay and silt; both soils are therefore considered to be “moisture 
unstable”. Some clays show a change in volume of up to 30 per cent 
with change in moisture content. 

Q. 7. Describe in detail a high-voltage method of locating a fault 
which has lowered the dielectric strength between the inner and outer 
conductors in a coaxial cable. 
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A. 7. The point at which the dielectric strength between the inner 
and outer conductors of a coaxial cable has been lowered may be 
found using a high-voltage Varley test. The circuit shown in sketch 

(a) is connected for the Varley measurement, the loop measure¬ 
ment is made in accordance with the circuit shown in sketch ( b). 

The circuit of sketch (a) is essentially a conventional Varley earth 



fault test but an E.H.T. generator is used in place of a battery and 
protection is provided for the galvanometer. Equal ratio arms are 
used, the resistance of each is approximately that of the centre con¬ 
ductor of 6 miles of 0 • 375 type coaxial. The variable resistance arm is a 4- 
dial decade box adjustable in steps of 0 01 ohms. A ballistic balance 
circuit is connected across the galvanometer to eliminate fluctuations 
of the needle which occur due to the dielectric breakdown. Two 
balance circuits are provided, for 3 mile and 6 mile sections of cable. 
The series inductor is used to limit current surges which could other¬ 
wise damage the galvanometer when breakdown occurs. 

Since a high voltage is used for the test, safety precautions are 
essential. Before the test is used it should be ensured that no person 
can touch the cable conductors, or connexions, at either end, or at 
any intermediate stations, and that the power feeding circuits and 
terminal apparatus are disconnected. Warning notices should be 
displayed. 



The loop resistance is first measured by using the circuit shown in 
sketch (6). The Varley measurement is then made using the bridge 
circuit of sketch (a). At first the galvanometer sensitivity is reduced 
to a minimum and the output of the E.H.T. generator increased until 
approximately 2 breakdowns occur per second; this can be observed on 
the output voltmeter of the generator. The sensitivity of the galvano¬ 
meter is then increased while the bridge is balanced on the variable 
resistor R and the ballistic balance control in turn, since these two adjust¬ 
ments affect each other. 

The resistance to the fault is then, 

r _ d 

x(ohms) = —-=—-, where L is the loop resistance and R is the 
2 Varley resistance. 

The equipment should be left for a few minutes after switching off; 
before disconnecting the cable it should be confirmed that it has 
discharged with a neon tester. 

Q . 8. Describe in detail the methods used to reduce the corrosion 
interference caused by mains-operated cathodic protection schemes. 
Why must potentials more negative than —2*5 volt be avoided in structures 
in the vicinity of the ground bed? 

A. 8. Corrosion interference between a cathodically-protected 
structure and nearby unprotected structures may be reduced by use 
of one or more of the following methods. The actual method used 
will depend on the circumstances in each case and the order in which 
the methods are quoted does not indicate, in any way, their relative 
importance. 

(a) The protection current could be reduced. This could happen 
naturally as a result of polarization of the soil in the vicinity of the 
ground-bed and structures, and may take several weeks or months to 
become effective. Alternatively, the owner of the protected (primary) 
structure could decide to accept a lower degree of protection and 
deliberately reduce the output from the rectifier. 


Reduction of the rectifier current by either method will give a 
reduced “spread” of the protection potentials but these can be 
restored, without increasing the interference, by installing additional 
rectifiers and ground-beds at points where the protection potentials 
are not sufficiently negative to give protection; the additional rectifiers 
would have their current outputs adjusted to give the maximum 
protection possible without increasing the interference on adjacent 
structures. 

(b) The primary and secondary (interference) structures could be 
bonded together. The bond or bonds could be direct, low-impedance 
bonds but, if it is desired to limit the current drain from the primary 
to the secondary structure, resistive bonds could be used. Where 
bonds are made to an electricity-supply cable, resistive or inductive 
bonds could be used to limit the rise of potential on the protected 
structure in the event of a fault occurring on the electricity-supply 
cable. 

(c) Joint cathodic protection could be applied to the two structures. 
This is not usually a satisfactory solution if the primary structure is 
welj insulated and the secondary structure is uninsulated. The current 
drain for the secondary structure would be very considerably higher 
than that required to protect the primary structure and hence might 
not be economically acceptable. 

( d ) Either, or both, structures could be insulated by wrapping with 
impregnated or plastic tape in the area(s) where the current transfers 
from one to the other. The method might, however, involve a con¬ 
siderable amount of excavation to expose the structures and, hence, 
be unacceptable economically. 

(e) A section of the primary and/or secondary structure could be 
isolated electrically from the main structure in the area(s) where the 
current transfers from one to the other. If this was done on the 
primary structure, the isolated section would have to be bridged 
electrically to maintain continuity of the cathodic protection. The 
isolated sections might suffer more severe corrosion but this could be 
reduced by connecting reactive anodes to the section(s). 

(/) A sacrificial metallic screen could be placed between the two 
structures and connected electrically to the secondary structure. Care 
would have to be taken to ensure that the screen had sufficient bulk to 
last for many years. 

( g ) The ground-bed and/or structure(s) could be resited. This 
would usually be uneconomic or impractical. If the ground-bed was 
correctly sited initially, then resiting it would most probably result in a 
lower degree of protection. The method is generally of little practical 
use. 

Structure to soil potentials more negative than —2*5 volts should 
be avoided because on ferrous structures and coated structures 
voltages of this order will cause a good deal of hydrogen to be 
released which could damage the protective coating and cause 
embrittlement of steel. Undesirable alkaline deposits may also occur. 
Lead structures, buried in alkaline soil or immersed in alkaline soil 
water, may suffer “cathodic” corrosion if the structure to soil potential 
is more negative than 2*5 volts. 

Q. 9. Explain how the presence of rails associated with an a.c. 
electric railway gives rise to a screening effect in respect of the voltage 
in a parallel telecommunication cable. 

How can booster transformers be employed to increase the screening 
factor ? 

A. 9. With single-phase, high-voltage, electrified railways the alter¬ 
nating current supplied to the trains through the overhead contact 
wire returns to the feeding station, partly through the return rails, 
and, due to the low insulation resistance of the rails to earth, partly 
through the earth. Voltages may therefore be induced in parallel 
telephone circuits by magnetic induction from the contact-wire current. 
When, as is the case in Great Britain, the trains are equipped with 
rectifiers and d.c. motors, harmonics spread over the speech fre¬ 
quency range appear in the contact-wire current and, in consequence, 
the voltages induced in telephone circuits also contain these harmonics. 
Such induced voltages can give rise to noise troubles and cause func¬ 
tional misoperation of d.c. telephone signalling equipment. Danger 
may also arise with long close parallelisms. 

The longitudinal voltage, K, induced in a telephone line by an earth 
return current, /, flowing in a parallel wire is 

V = lirfML .(1). 

Where, f is the frequency and, M, the mutual inductance between the 
two lines. 

If the return current could be wholly retained in the rails the inducing 
effect would be that from a comparatively narrow loop formed by the 
contact wire and the rails, and would be relatively small. In practice, 
the load current rapidly leaves the rails for earth as shown in sketches 
(a) and (b). The rails are, however, themselves subject to an induced 
voltage from the contact-wire current which causes a current, virtually 
in antiphase to the contact-wire current, to flow in the rails as shown 
in sketch (c). This current attains a maximum uniform value equal 
to the induced voltage/mile divided by the series impedance/mile of 
the rails and is usually of the order of 0*5 of the contact-wire 
current. Combining the induced current with the load current, the 
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to 


to 


BOOSTER 

TRANSFORMER 



(/) 



TOTAL CURRENT (FULL LINE) 


distribution of total rail current is as shown in sketch (d). The 
total current is never smaller than the maximum uniform value 
attained by the induced component. It can be assumed, therefore, 
that the rails exert a screening effect which is not more adverse than 
that due to the maximum value of the induced component. Hence, a 
screening (or reduction) factor of about 0-5 can be applied to the 
formula for induced voltage given above. 

Considerable reduction in the interference aspects of electrified 
railways can be obtained by the use of booster transformers, which 
are 1 : 1 ratio transformers. The primary winding of each booster 
transformer is connected in series with the contact wire and the 


CONTACT 



secondary winding is connected either to the rails (see sketch (e)) or 
to an auxiliary return-conductor (sketch (/)). 

With rail-connected boosters, the secondary winding is connected 
to the rails on each side of insulated rail-joints, and the current in the 
rails at each transformer point is thereby equal to the contact wire 
current. Between consecutive transformers a proportion of the current 
leaks away to earth, the amount depending on the insulation of the 
rails, the spacing of the transformers, and the frequency. Also, the 
rail current suffers a phase change. The voltage induced in a telephone 
line is the difference between the voltage due to the contact wire 
current and that due to the mean value of the rail return current. If 
both the leakage and phase change are small, the improvement due to 
the “boosted’* rail current can be considerable. For example, at 50 Hz 
with booster transformers spaced 1 mile apart, the screening factor 
can be as small as 0-025. The proportion of current which leaks away 
from the rails, and the phase change, both increase considerably with 
frequency, however, thus causing a rapid deterioration in the screening 
factor in respect of noise frequencies. 

In the return conductor system (sketch (/)) connexions are made 
between the rails and the return conductor at points approximately 
mid-way between booster transformers. In sections where no trains 
exist, i.e. where the contact-wire current is “through” current, the 
return current is compelled to flow in the return conductor. The return 
conductor is comparatively near to the contact wire. Therefore, for a 
telephone line which is not very close to the railway (i.e. for most 
P.O. lines), the two distances from the line to the contact wire and to 
the return conductor are about equal and direct induction is negligible. 
However, except with some single-track railways, the rails are not 
symmetrically disposed with respect to the contact wires and return 
conductors, and hence there is an induced current in the rails which 
gives rise to some “secondary” induction in the telephone line. Even 
so, the screening factor in respect of “through” current may be as 
small as 0-025. In this system the screening factor is substantially 
independent of frequency. In the section where a train is taking 
current, the train current flows along the rail/earth circuit to the mid¬ 
point connector and then along the return conductor. In general, as a 
train moves through an exposure, the screening factor in respect of 
induction from the “train in section” current is no better than the 
screening factor in the absence of booster transformers and return 
conductors. 
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